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Abstract

In proof theory we use category theory to obtain identity criteria for
deductions. Inference rules, by which we pass from one deduction to another,
correspond there to partial algebraic operations. This is an algebra built on
deductions and not on formulae. Logic is thereby tied to algebras of another
kind than Boolean algebras, Heyting algebras, and similar lattice algebras
investigated in universal algebra, induced by equivalence between formulae.
Algebras of deductions are based on categories with structure given by so
general and so important mathematical notions like product, coproduct,
exponent, tensor product,... Here logic does not formalize other areas of
mathematics to investigate them by its own means, but the subject matter
of logic itself coincides with something investigated in contemporary algebra
and other related areas of mathematics.

1 Logical models from universal algebra

Algebras associated with logic are first of all Boolean algebras. The semantics of
classical propositional logic is built upon the two-element Boolean algebra, the
two elements being interpreted as truth and falsity. The models of this logic are
valuations into the two-element Boolean algebra, i.e. homomorphisms from the
absolutely free algebra of formulae into the two-element Boolean algebra such that
Boolean functions correspond to connectives. When the algebra of propositional
formulae is factored through the equivalence relation induced by equivalence of
formulae, i.e. identity of truth-value for every valuation, one obtains the Linden-
baum algebra of classical propositional logic, which is a freely generated Boolean
algebra, with as much free generators as there are propositional letters.

The connection between Boolean algebras and classical logic is exhibited on
a less technical level by the explanation that is given of the classical connectives
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of conjunction, disjunction and negation via intersection, union and complement.
These are the operations of a set Boolean algebra, i.e. a Boolean algebra whose
elements are sets. One encounters this explanation nowadays at the earliest stages
of schooling, usually accompanied by diagrams of Euler and Venn. It is however
questionable how much the notion of intersection, which is defined in terms of
conjunction, can serve to explain conjunction. Conjunction is the more basic
notion, and not intersection, and analogously for the notion of disjunction versus
union, and the notion of negation versus complement.

With intuitionistic logic the role of Boolean algebras is taken over to a great
extent by Heyting algebras, which make a more general class of algebras. These
are distributive lattices with a least element and a binary operation of residual
(also called relative pseudo-complement) with respect to the binary meet opera-
tion. This means that c\a biffc a ) b, where \ is meet and ) is residual.
Boolean algebras are complemented distributive lattices, where the residuala ) b
is alb, with being the unary operation of complement and [ being join. The
operation of residual in Heyting algebras, as well as in Boolean algebras, which
are particular Heyting algebras, corresponds to the connective of implication.

The Lindenbaum algebra of intuitionistic propositional logic is a freely gen-
erated Heyting algebra, and the Kripke models of this logic, the most standard
models one encounters for it, are obtained through a representation of Heyting
algebras in preorderings. Heyting algebras are closely tied to topological Boolean
algebras, i.e. Boolean algebras with unary operations corresponding to interior or
closure. Topological Boolean algebras give models of the modal logic S4.

Various other logics have algebraic models of a similar kind, models out of
the realm of universal algebra that resemble Boolean and Heyting algebras. In
particular, in all these models the elements of the algebra are related to formulae,
which are of the grammatical category of propositions. These elements are the
values formulae may take. In the case of classical propositional logic and the two-
element Boolean algebra, the values are the two truth-values. In other cases the
values are more unusual, but they are again assigned to formulae, i.e. propositions.

2 Deductions make a category

Matters become different if in the algebraic modelling of logics the elements of the
algebra are not expected any more to be assigned to formulae, i.e. propositions.
For that one has to make a shift in the semantic conception of logic and language.
One may cease to consider propositions as the main unit of language. One may
look for a wider context in which propositions partake, and when logic is our in-
spiration that wider context is naturally found in deductions. The term deduction,
which will later become for us a technical term, is intuitively synonymous with
inference, or proof from hypotheses.

For the time being, to simplify matters we shall speak of deductions where
we have not more than a single premise. This is not an essential restriction if



we assume as usual that in deductions we have only finitely many premises, and
we assume moreover that we have a connective like conjunction to connect these
finitely many premises. The empty conjunction, i.e. a propositional constant like
> replaces the empty set of premises. So we assume that in deductions we have
a single premise and a single conclusion.

Then one may ask whether the deduction from premise A to conclusion B is
completely determined by giving A and B. Is this deduction just the ordered pair
(A;B)? Many logicians, if they wouldn’t give to this question an explicitly affir-
mative answer, behave as if they would. They believe that consequence relations
fully explain deductions. We may deduce B from A if and only if B is a conse-
quence of A, i.e. if and only if the ordered pair (A; B) belongs to the consequence
relation tied to our logic. Either there is a deduction from A to B, or there is
none. There cannot be more than one deduction with the same premise and the
same conclusion.

An alternative is that there may be more than one deduction with the same
premise and the same conclusion. Suppose A is the conjunction B B. Then the
deduction from B B to B obtained by applying the first-projection rule from
C N D deduce C and the deduction from B ™~ B to B obtained by applying the
second-projection rule from C ™D deduce D would not be the same deductions.
In another example, one may deduce B ™ B from B ™ B either by applying the
identity rule from E deduce E or the commutativity rule from C D deduce
D~ C. This gives two different deductions. Still another example is given by
the deductions from B (B ) B) to B obtained by applying either the first-
projection rule or the rule from C ™ (C ) D) deduce D, which is based on modus
ponens.

In this alternative perspective deductions do not make a binary relation, i.e.
a set of ordered pairs, but a graph where for the same ordered pair (A;B) there
may be more than one arrow joining A and B. Deductions should be closed
under composition and for every pair (A;A) there should be an identity arrow,
i.e. identity deduction, from A to A, based on the identity rule. If we assume
that composition is associative and that composing a deduction with the identity
deduction is equal to this deduction, we obtain a category. In this category the
formulae, i.e. propositions, are the objects and the deductions are the arrows.
From a categorial perspective these arrows are more important.

3 Conjunction and product

In the categorial perspective we do not have only operations on objects, but also
operations on arrows. These operations may be only partial, as composition is.
The algebraic structure brought by these operations on objects and on arrows
tied to connectives and other logical constants is of a different kind than what
we had with Boolean and Heyting algebras. Before the binary connective of
conjunction corresponded to lattice meet, and now it will correspond to the bi-



endofunctor of product. Meet corresponds set-theoretically to intersection, while
product corresponds to another, even more important, set-theoretic operation—
namely, Cartesian product. Product on objects in the category Set of sets with
functions as arrows is Cartesian product.

Tied to product, we have for every pair of formulae A1 and Az, the projec-
tion arrows p,la\l;A2 AL NA; AL and pil;Az A1 ™MA2 ¥ Ay, which correspond
to the first-projection and second-projection rules of deduction mentioned above.
We have moreover the partial operation of pairing of arrows, which applied to the
arrows f1:C @ Aj and 2: C ¥ Ay gives the arrow hfy;f2i: C ¥ A3 N Ay, Pair-
ing corresponds to the natural deduction rule of conjunction introduction. For
the arrow h: C ¥ A; N A, and for being composition, we have the equations

Paca, MFufi=TF; pa.a, hufhi="F; hpa.a, hpa.a hi=h

These equations categorially define product. Replace ™ by  and, for g; :
A1 ¥ B1 and g2: Az ¥ By, define the total operation on arrows by

01 O2=a hO1 PAA, 02 Paya,iiAl Az ¥ By By

The operation  on objects and the operation  on arrows give the biendofunctor
of product.

The equations assumed above make however perfect logical sense. They cor-
respond to reductions involved in normalization in natural deduction (the first
two equations correspond to -reduction and the third to -reduction). So it is
natural to assume these equations as equations between deductions.

A category is a preorder when for every pair of objects A and B we have at
most one arrow T: A ¥ B. Product becomes meet when our category is not only
a preorder, but also a partial order, which means that if we have a pair of arrows
f:A ¥ Band g:B ¥ A, then the objects A and B must be the same. In a
preorder, the equations assumed for product are trivially satisfied.

This categorial characterization of conjunction applies both to classical con-
junction and intuitionistic conjunction. The connective of conjunction is the same
in both logics. In the old universal-algebraic characterization too, conjunction was
characterized in both logics as a meet operation.

4 Conjunction and disjunction

Analogously, the binary connective of disjunction, which before corresponded to
join and union, now corresponds to binary coproduct, which set-theoretically is
disjoint union on objects. This applies again both to classical and intuitionistic
disjunction. It is often said that intuitionists understand disjunction not as it
is understood in classical logic, and that because of that excluded middle fails
for them. This should be taken carefully, because in a context where disjunction
is alone—this is a context in which we do not have theorems, but we do have
deductions—classical and intuitionistic disjunction do not differ. The essential



novelty of intuitionistic logic is a new connective of implication, and not disjunc-
tion. This implication underlies negation, which we find in excluded middle (see
below, the second paragraph of the next section).

When the connectives of conjunction and disjunction are together, then the
universal-algebraic characterization is given by distributive lattices, and again
classical and intuitionistic logic do not differ. Matters may however become dif-
ferent in terms of algebras of deductions.

The categories for intuitionistic conjunctive-disjunctive deductions are cate-
gories with binary (and hence all nonempty finite) products and coproducts, with
product isomorphically distributive over coproduct; namely, there would be a
natural isomorphism of the type AN(B _C) ¥ (A™MB)_(ANC). There are
also natural transformations of the dual type A_ (B~C) ¥ (A_B)"N(A_CQC),
and of its converse type (A_B)N(A_C) ¥ A_ (B ”™C), but they need not be
isomorphisms. This is an asymmetry we have also in the category Set, where
Cartesian product is isomorphically distributive over disjoint union, but not vice
versa. When we restrict ourselves to finite sets, this reduces to the following equa-
tion for natural numbers a (b+c) =(a b)+ (a c), without the dual equation
a+((b c)=(a+b) (a+c) being true.

We may add to these categories also the empty product and coproduct, which
are the terminal object > and initial object ?. (An object is terminal when for
every other object to it there is a single arrow; dually, it is initial when from it to
every other object there is a single arrow.) These two objects correspond to the
propositional constants > and ?, which in the universal-algebraic approach cor-
respond to the least element and greatest element of our lattices—an assumption
made both for classical logic and intuitionistic logic. The assumptions about the
terminality of = and the initiality of ? are parallel to the assumptions of binary
product for ~ and binary coproduct for _. They are the same in classical and
intuitionistic logic.

The isomorphic distributivity of conjunction over disjunction in intuition-
istic logic is a consequence of the assumption that the monoendofunctor AN
has as a right-adjoint A D), which involves intuitionistic implication ). This
means that we have a natural bijection between the hom sets Hom(A ™ B;C)
and Hom(B; A ) C). This means that there is a one-to-one correspondence be-
tween deductions of the type A”~B ¥ C and deductions of the typeB ¥ A C.
From left to right this correspondence is tied to the deduction theorem, and from
right to left it has to do with modus ponens; from the identity deduction of
type A D) C ¥ A C one passes to the modus ponens deduction of the type
AN(A D) C) I C. (The naturality involved in this correspondence is given by
transformations natural in B and C between the functors into the category Set
involved in HOm(A”B; C) and Hom(B; A ) C); see [11], Sections II.2 and IV.1.)

With this adjunction involving A and A D), together with the assumption
that we have all finite products (including the empty one), we obtain cartesian
closed categories; if we assume moreover that we have all finite coproducts includ-
ing the empty one), we obtain bicartesian closed categories (see [10], Sections 1.3



and 1.8). The category Set is a bicartesian closed category.

5 Categories of classical deductions

In classical algebras of deductions there are arrows of the types AN(B _C) I
(AMB) _(ANC)and A_(B~"™C) ¥ (A_B)™(A_C), as well as of the con-
verse types, but Boolean duality would make us expect that either both of these
kinds of arrows are isomorphisms or neither is. It is not in the Boolean spirit
that A*(B_C) ¥ (A”NB)_ (ANC) is an isomorphism while A_ (B~C) 1
(A_B)”™(A_C)is not. The asymmetry of the bicartesian closed category Set
that we have with respect to distribution of Cartesian product over disjoint union
is foreign to the Boolean spirit. Since this asymmetry is a consequence of the ad-
junction involving A" and A D), we should not expect this adjunction for classical
logic.

If zA is defined as A ) ?, it may seem natural to assume in classical logic

that A is isomorphic to - ZA, or that there is at least a natural transformation
whose components are of the type - A ¥ A. There is an argument that shows
that every bicartesian closed category together with one of these assumptions, or
a similar assumption, is a preorder (see [2|, Section 5, or [4], Section 14.3). It was
concluded from that there cannot be any interesting categorial proof theory for
classical logic, i.e. that there is no interesting categorification of Boolean algebras.
But why must we assume that we have to start with a bicartesian closed category?

The book [4] is a detailed attempt to build a plausible categorial theory of
classical deductions. The centre piece of that book is a notion of category with fi-
nite products and coproducts, which are distribute one over the other, but neither
of these distributions need be an isomorphism. This way, in the Boolean spirit,
symmetry is kept. For this notion of category it is established that it is coher-
ent in the following sense. There is faithful functor from such a category freely
generated by a set of objects to the category of relations between finite ordinals.
This coherence result is of a semantical kind. It permits us to decide whether
two arrows are equal by checking whether two simple graphs that come from the
relations associated with the arrows are equal. This is a result of a semantical
kind, analogous to the usual completeness theorems of logic, which enable us to
decide provability by looking into a manageable model.

For this result there is given in [4] a long and rather involved proof based on a
categorial version of Gentzen’s cut elimination theorem for conjunctive-disjunctive
classical logic, which is based on plural, i.e. multiple-conclusion, sequents. It is
not established only that for every deduction we have a cut-free deduction with
the same premise and conclusion, but it is established moreover that the two
deductions are identical: the arrows standing for them are equal as arrows in
our categories. It is remarkable that this equality of arrows has both a semantical
justification via coherence, and a syntactical one via the cut-free normal from, and
that the two justifications agree. Both justifications respect the Boolean duality



between conjunction and disjunction. In the semantical justification product and
coproduct are modeled by the same biproduct, while in the syntactical justification
plural sequents treat conjunction and disjunction in the same way. All this makes
quite plausible, and mathematically interesting, the proposed notion of identity
of deduction for classical propositional logic.

This categorification which covers the conjunctive-disjunctive core of classical
logic, together with the propositional constants > and 7, is then extended with
negation, and hence also implication, so that we do not have the adjunction
involving A and A ). We relinquish this adjunction of intuitionistic logic, and
hence classical implication will not mirror deductions, as intuitionistic implication
does. The resulting nontrivial categories are related to linear algebra.

The relationship with linear algebra is brought by having an operation of
union, or addition, of deductions, and a zero deduction. In terms of relations,
union of deductions is union of relations, the zero deduction is the empty relation,
and union with the empty relation leaves a relation unchanged. Composition of
relations corresponds to multiplication of zero-one matrices and union of relations
corresponds to matrix addition. In the presence of zero deductions, we obtain a
unique normal form for deductions like in linear algebra: every matrix is the sum
of matrices with a single 1 entry, the others being zero. This normal form is
related to cut elimination, i.e. composition elimination (see [4], Sections 1.6 and
14.4, Chapters 13 and 14).

6 Categories of deductions in other logics

The book [5] deals with categories of deductions in classical linear logic, presum-
ably the main substructural logic, and an important alternative logic. In linear
logic we have a binary connective of so-called multiplicative conjunction, which
in terms of the algebra of deductions corresponds to tensor product. For this
connective we assume associativity and commutativity, but not what corresponds
to the structural rules of contraction and thinning. The algebras of deductions
here come from categories to which belongs the category of vector spaces over
a fixed field with linear transformations as arrows. Categories of deductions in
intuitionistic linear logic are given by symmetric monoidal closed categories (see
[11], Section VIIL.7), for which a coherence theorem is established in [9]. (This
coherence theorem should be rephrased as a result taking account of syntax, as
in [4] and [5].) The coherence proved in [5] is of the same kind, and it is estab-
lished with respect to relations that one finds in Brauer algebras (for references
see [5]). Brauer algebras, which come from representation theory, are related to
Temperley-Lieb algebras, which came to play an important role in knot theory
after Jones’ seminal results in this field. Temperley-Lieb algebras are also related
to a coherence result for adjunction (see |1], [3] and references therein).

The relations one finds in Brauer algebras are a particular case of relations one
finds in a category called Gen, which has relations involved in the generality of



deductions, i.e. relations connecting letters in a deduction that must remain the
same in all generalizations of this deduction based on the same rules (see Section
2 above). The category Gen and the category of split preorders, of which it is
a subcategory, are investigated in detail in [7]. These categories have properties
relating them to Frobenius algebras, which have recently played a prominent role
in two-dimensional topological quantum field theories—an area that seems far
removed from logic and deduction theory. These matters (see [8], and references
mentioned therein) are related to the coherence result for adjunction, and to
Temperley-Lieb algebras, which we mentioned above. Frobenius algebras are also
related to a coherence result involving deductions in the modal logic S5 (see [6]).

References

[1] , Cut Elimination in Categories, Kluwer, Dordrecht, 1999 (Addenda
and Corrigenda available at: www.mi.sanu.ac.rs/ kosta/AddCorrCutElim-
Cat.pdf)

[2] ——, Identity of proofs based on normalization and generality, The Bulletin
of Symbolic Logic, vol. 9 (2003), pp. 477-503 (version with corrected remark
on difunctionality available at: arXiv.org)

[3] ——, Simplicial endomorphisms, Communications in Algebra, vol. 6 (2003),
pp. 2681-2709 (available at: arXiv.org)

[4] and , Proof-Theoretical Coherence, KCL Publications
(College Publications), London, 2004 (revised version of 2007 available at:
www.mi.sanu.ac.rs/ kosta/coh.pdf)

[5] ——, Proof-Net Categories, Polimetrica, Monza, 2007 (preprint of 2005 avail-
able at: www.mi.sanu.ac.rs/ kosta/pn.pdf)

[6] ——, Coherence for modalities, Journal of Pure and Applied Algebra, vol. 215
(2013), pp. 1606-1628 (available at: arXiv.org)

[7]| ——, Syntaz for split preorders, Annals of Pure and Applied Logic, vol. 164
(2013), pp. 443-481 (available at: arXiv.org)

[8] ——, Ordinals in Frobenius monads, Journal of Pure and Applied Algebra,
vol. 217 (2013), pp. 763-778 (available at: arXiv.org)

[9] and , Coherence in closed categories, Journal of
Pure and Applied Algebra, vol. 1 (1971), pp. 97-140, 219

[10] and , Introduction to Higher Order Categorical
Logic, Cambridge University Press, Cambridge, 1986

[11] , Categories for the Working Mathematician, Springer, Berlin,
1971, second edition, 1998



THIRD MATHEMATICAL CONFERENCE OF THE REPUBLIC OF SRPSKA
Trebinje, 7 and 8 June 2013

On the Logic of the Ontological Argument

Slobodan Vujosevié
University of Montenegro, Faculty of Natural Sciences and Mathematics

vslobo@t-com.me
Original scientific paper

Abstract

In his ontological argument Godel has told nothing about its underlying
logic. His argument is modal and at least of second-order and since he has
used the S5 axiom, it was widely accepted that the logic of the argument
is the S5 second-order modal logic. However, there is a step in his proof
in which Godel has applied the necessitation rule on the assumptions of
the argument (see [3]), and this was repeated by all of his followers (see [1]
and [4]). This application of the necessitation rule can seriously harm the
consequence relation of the logic of the ontological argument. It seems that
the only way to preserve the modal logic S5 for the ontological argument is
to assume some of its axioms in the necessitated form.

1 Consequence and proof in modal logic

The notions of consequence and proof in modal logic are different from those in
classical logic. The relation that some sentence A is a consequence of certain
assumptions  can have two meanings in modal logic: A is true at each world
at which the members of are true and A is true in every model in which the
members of  are true. The two notions are not equivalent and to distinguish
between them some authors (see [2]) are using the terms local assumption and local
consequence in the first, and the terms global assumption and global consequence
in the second case. We shall show how this semantical distinction is reflected in
the syntax of modal logic.

Assume some sentence A globally; if A is true at some arbitrary world w in
some model, then A will be true at every world accessible to W (since A is true
at every world), so A will be true at W. Since W was arbitrary, A must be
true at every world of a model. This means that if A is a global assumption, the
necessitation rule can be applied to A. Assuming A globally, we also assume A,

A etc.

On the other hand, if we assume A locally, so that A is known to be true at
a world W of some model, there is no reason to expect that A is also true at w.
If A is a local assumption, the necessitation rule cannot apply to it.

The distinction between global and local assumptions in formal deductions
comes down to the applicability or nonapplicability of the necessitation rule. A
formal proof or derivation in modal logic do not allow the use of the necessitation



rule to local premises and their consequences. To insure this, some authors define
modal derivations as finite sequences divided in two separate parts, global and
local (see [2]). The global part comes first, contains only global premises and the
necessitation rule is allowed, while the local part comes second containing local
premises, but the necessitation rule is not allowed.

2 Necessitation in Godel’s argument

It is well known that Go6del was involved in the foundation of the modern approach
to modal logic. He was among the first logicians who introduced the necesitation
rule that made possible the simple and elegant modal axiom systems that are in
use today. But in the early 1970s, at the time Godel wrote his note about the
ontological argument, the idea of possible world semantics was new and perhaps
not well appreciated. His argument was modal and was presented in at least
second-order logic, but nothing was told about the exact logic he had in mind.
At some point in his note Gddel has formulated the theorem

G(x) T 9yG(y);

where G(X) means that X is godlike being (see page 403 in [3]), and without any
comments he has proceeded in the following three steps:

IXG(x) ¥ 9yG(y);
IXG(x) ¥ 9yG(y);
IXG(X) ¥  9yG(y):

In the first step the existential quantifier was introduced, the second step havs
come from the necessitation rule, and the third was the use of the S5 axiom. Since
he was able to prove 9XG(X), Gddel finally concluded 9yG(y).

There is no doubt that the propositional skeleton of the logic of Gédel’s ar-
gument is the modal logic S5, or something close to it. Besides the axioms of
classical propositional logic, the modal axioms of the logic S5 are

(ATB)I (AT B)

Al A
AT A
ATl A

Y

where  is the necessity operator and, is the pssibility operator defined by
A B - :A; and the inference rules are modus ponens and necessitation: from
A infer A. The last axiom is usually called the S5 axiom.

According to what we have told about consequence in modal logic, to allow
the unrestricted use of the necessitation rule in the logic S5, we have to assume
the axioms of our theories globally. In the modal logic S5, where A $ A,
assuming A globally we assume A. Formally, this means that all axioms of the
theories in the S5 logic must come in the necessitated form, i.e. with  prefixed.
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Godel, as well as his followers and commentators in this matter, have told
nothing about the local or global character of the ontological argument axioms.
They have presented these axioms in the unnecessitated form (see [2|, [4] and |5]),
and have used the necessitation rule on them and on their cosequences. Perhaps
they had in mind global axioms?

Godel’s argument is a particular version of the general ontological argument
that usually means two things: to prove that God’s existence is possible and to
prove that God exists necessarily if it exists. If Q is the statement that God exists,
this means that in the general ontological argument we have to prove Qand Q ¥

Q (Anselm’s principle). It is generally accepted that with these assumptions
within S5 logic one can prove Q: the necessitation of Anselm’s principle gives

Q1 Q, the S5 axiom gives Q ¥ Q and the first assumption finally gives

Q (see [1], [3], [4] and [5]). But the use of necessitation in this proof was not
correct. It seems that the only way to overcome this incorrectness is to formulate
Anselm’s principle in the form (Q ¥  Q): it is necessary that God exists
necessary if it exists.

Acknowledgement. 1 would like to express my thanks to Kosta DoSen who warned
me about the problem concerning the correctness of the necessitation rule in the
ontological argument.
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Apstrakt

U ovom kratkom radu dajemo pregled algebarskih struktura na kate-
gorijama koje omoguéavaju Segal-Tomasonovu bar konstrukciju. To je os-
novni korak procedure koja kategoriji M pridruzuje njeno raspetljavanje:
prostor X takav da je prostor petlji nad X homotopski ekvivalentan klasi-
fikacijskom prostoru kategorije M. Jo§ je od Sezdesetih godina proslog veka
poznato da monoidalna struktura na kategoriji odgovara jednostrukom pros-
toru petlji. Segal-Tomasonova konstrukcija omoguéava da se neke kategorije
sa bogatijom strukturom viSestruko raspetljaju. Najnoviji rezultati ovog
tipa najavljeni su na konferenciji u Trebinju.

1 Uvod

Prve rezultate koji su omogucdili da se povezu monoidalne kategorije s prostorima
petlji dali su Stasev, [11], i Meklejn, [6]. Nakon toga se pojavila potreba da se
odrede uslovi na algebarskoj strukturi kategorije koji omoguéavaju njeno povezi-
vanje s prostorima petlji raznih vigestrukosti. Sedamdesetih godina proslog veka
su Segal, [10], i Tomason, [13], razvili tehniku koja je odredila jedan pravac u toj
oblasti istrazivanja.

Segal-Tomasonova ili redukovana, kako ¢emo je ovde zvati, bar konstrukcija je
postupak nalazenja simplicijalnog objekta u kategoriji ¢ija je monoidalna struk-
tura data kona¢nim proizvodima. U ovom radu ¢e nam to biti 2-kategorija Cat
Ciji su objekti kategorije, morfizmi su funktori, a 2-morfizmi su prirodne transfor-
macije. Monoid u Cat je striktna monoidalna kategorija. Jedna takva kategorija
M je osnova za simplicijalni objekat u Cat, to jest funktor WM iz % u Cat,
gde je  + topologka simplicijalna kategorija. Ovo znati da je WM(1) = M i,
uopitenije, WMI(n) = M".

Kada se WM komponuje s funktorom nerv, a zatim s geometrijskom realizaci-
jom, dobija se funktor iz %P u Top, to jest simplicijalni prostor. Po rezultatima
Segala i Mekdafa, [10], [8], prostor petlji geometrijske realizacije tog simplicijalnog
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prostora je homotopski ekvivalentan klasifikacijskom prostoru kategorije M ili
preciznije, njenom grupnom kompletiranju. Dakle, taj simplicijalni prostor je
raspetljavanje nerva od M.

Uz malu modifikaciju, ova maSina za raspetljavanje se moze prilagoditi nekim
slozenijim algebarskim strukturama na kategoriji tako da kao rezultat dobijemo
vigestruko raspetljavanje nerva polazne kategorije. Po rezultatima Segala, [10],
i Tomasona, [13], ova tehnika dovodi u vezu simetri¢ne monoidalne kategorije
s beskonac¢nim prostorima petlji, dok se monoidalne kategorije pletenica dovode
u vezu s dvostrukim prostorima petlji uz pomoé rezultata Zoajala i Strita, [5].
U ovim rezulatima sama redukovana bar konstrukcija nije dovoljna posto njen
rezultat nije funktor jer ne prolazi kroz kompoziciju morfizama. Medutim, posto
se svaki put moze pokazati da je dobijen relaksiran funktor u smislu [12], onda
se rezultati tog rada mogu iskoristiti da bi se dobio pravi funktor koji predstavlja
trazeni simplicijalni objekat. Da bi se pokazalo da je dobijen relaksiran funktor,
svaki put se koristi koherencijski rezultat vezan za dati tip kategorija.

Balteanu, Fjodorovi¢, Svancl i Fogt, [2], su postavili pitanje dovoljnih uslova
za to da kategorija s N monoidalnih struktura moze da posluzi kao osnova za
redukovanu bar konstrukciju koja proizvodi relaksiran funktor odgovarajucéeg tipa.
Na taj na¢in bismo dobili n-tostruko raspetljavanje nerva polazne kategorije. U
tom radu su dati trazeni uslovi, ali su oni suvise restriktivni u odnosu na jedinice—
zahteva se da sve monoidalne strukture imaju zajednic¢ku jedinicu. Dosen i drugi
autor ovog teksta, [4], su dali znatno oslabljenje tih uslova za slu¢aj n = 2, §to
verovatno predstavlja maksimum oslabljenja ukoliko i dalje ho¢emo da koherencija
bude sredstvo za dokazivanje toga da je rezultat redukovane bar konstrukcije jedan
relaksiran funktor.

Autori ovog ¢lanka, [3], su dali Zeljene uslove direktno proveravajuéi, bez ko-
herencije, komutativnost dijagrama koji govore da je kao rezultat redukovane bar
konstrukcije dobijen relaksiran funktor. Ti uslovi uopstavaju sve gorenavedene.
Rezultati iz [3] su najavljeni tokom predavanja koje je drugi autor odrzao na
konferenciji u Trebinju.

2 Redukovana bar konstrukcija

Neki dokazi koji su izostavljeni iz ovog odeljka mogu se naci u [9, Section 6]. Pod
simplicijalnim objektom kategorije C podrazumevamo funktor iz 5 u C, gde
je  + standardna topoloska simplicijalna kategorija (videti |7, VIL.5]). U ovom
odeljku ¢emo pojasniti kako monoidalni objekat u monoidalnoj kategoriji ¢ija je
monoidalna struktura data kona¢nim proizvodima odreduje jedan simplicijalni
objekat te kategorije.

Ono §to zbunjuje u ovoj konstrukciji je to §to 3 sadrzi univerzalni komonoid,
a na raspolaganju imamo monoidalni objekat neke kategorije. Ovaj problem pre-
vazilazimo tako §to 3 utopimo u , odnosno izjedna¢imo je s potkategorijom

Int kategorije
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Objekti kategorije ynt su konac¢ni ordinali veéi ili jednaki 2, a strelice su
monotone funkcije koje ¢uvaju prvi i poslednji element. Ta kategorija je slika
kategorije 3 u kategoriji ~ pomocu funktora koji objekat n slika u n+ 2 (sa 0

oznaCavamo prazan skup, dok je n + 1 oznaka za skup f0;1;:::;ng), a morfizme
slika ,sencenjem” kao u slede¢em primeru, gde unutrasnji graf predstavlja mor-
fizam iz 9, a spoljasnji je njegova ,senka” iz
1 2 3 4 5
0 1 2 3 4
o o
0 01 2 3
1 2 3 4

Ovaj funktor je veran i injektivan na objektima, pastoga 5 mozemo smatrati

potkategorijom od

Za nase potrebe uves¢emo jos jednu kategoriju srodnu simplicijalnoj koju ozna-
cavamo sa par. Njeni objekti su takode kona¢ni ordinali, a morfizmi su monotone
parcijalne funkcije. Za morfizme koji generisu tu kategoriju mozemo uzeti one koji
generisu  zajedno sa parcijalnim funkcijama ':n+1 ¥ nzan 0i0 i n
koje se graficki predstavljaju kao

Y

0 i—1 7 1+1 n
o /
0 i—1 i n—1

Posmatrajmo funktor koji preslikava |ntu par, koji pridruzuje objektu n+2
prve kategorije objekat n druge kategorije, a svakom morfizmu f: m+2 ¥ n+2
prve kategorije pridruzuje morfizam g: m ¥ n druge kategorije takav da je

f(x+1) 1, kadajef(x+1) 12n;

9(x) = ) .
nede nisano; inace:

Na osnovu identifikacije kategorija ip i |nt on postaje funktor iz (ip U par

koji je identitet na objektima.
Neka je K kategorija ¢ija je monoidalna struktura data kona¢nim proizvodima.
Na osnovu striktifikacije pokazane u |7, XI.3, Theorem 1|, mozemo slobodno sma-
trati da je ta monoidalna struktura striktna, to jest da je binarni proizvod aso-
cijativan i da je terminalni objekat neutral za taj proizvod. Neka je hC; ; i
monoidalni objekat kategorije K. Tada postoji jedinstven funktor iz par u K
takav da se objekat Niz  par slikau C" =C ::: C, zajednicki generatori za
par 1 se slikaju u morfizme dobijene pomoéu i na osnovu toga §to  sadrzi
ungverzalni monoid (videti [7, VIL5, Proposition 1]), dok se generator 1} slika u
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morfizam iz C"*! u C" dobijen kao

Ec_:{;z:_le c fe_pl¢

gde je ¢ jedinstven morfizam iz C u terminalni objekat kategorije K.

Za nas je posebno interesantan slucaj kada umesto kategorije K posmatramo
2-kategoriju Cat, a umesto monoida C posmatramo monoid M u Cat, §to znadi da
je M jedna striktna monoidalna kategorija. Na osnovu gorenavedenog postojace
funktor WM: %P I (Cat koji je zadat sa

WM(n) = M",

gdesud?:n ¥ n lzan 1i0 i nisf:n 1%¥nzan 1i
0 j n 1, standardni generatori kategorije 5 (videti [3, Section 3]), dok je
tenzor, a | je jedinica striktne monoidalne kategorije M.

Funktor WM nazivamo redukovana bar konstrukcija bazirana na M. S obzirom
da je i MX striktna monoidalna kategorija ¢ija je struktura dobijena po kompo-
nentama od striktne monoidalne strukture na M, onda postoji i redukovana bar
konstrukcija bazirana na MX i mi je oznatavamo sa WMK. Ako kategorija M
ima na sebi N monoidalnih struktura, onda redukovanu bar konstrukciju baziranu
na i-toj monoidalnoj strukturi oznatavamo sa WM.

3 VisSestruka redukovana bar konstrukcija

Osnovna ideja pomocu koje je u [10] i [13| pokazano da simetri¢ne monoidalne
kategorije odgovaraju beskona¢nim prostorima petlji je da se za proizvoljnon 1
one posmatraju kao kategorije s N monoidalnih struktura koje komuniciraju po-
mocu simetrije. Ta ideja je iskoris¢ena u [2] da bi se dao dovoljan uslov da kate-
gorija s N striktnih monoidalnih struktura odgovara Nn-tostrukom prostoru petlji.
Naga ideja u [3] je bila da, polazeci od kategorije s n striktnih monoidalnih struk-
tura, bez ikakvih pretpostavki unapred, vidimo kakva komunikacija izmedu tih
struktura obezbeduje da uopstenje redukovane bar konstrukcije proizvede jedan
relaksiran funktor iz ()" u Cat (videti definiciju nize).

Neka je M kategorija s n striktnih monoidalnih struktura. Uopstenje reduko-
vane bar konstrukcije bazirano na M treba da nam proizvede dve funkcije—prva
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preslikava n-torke kona¢nih ordinala, §to predstavlja objekte od ( )" u kate-
gorije, to jest objekte od Cat, dok druga preslikava Nn-torke morfizama od Pu
funktore. Obe funkcije oznac¢avamo sa WM. Prva funkcija je sasvim jednostavno

definisana i od nje zahtevamo da je

notacija. Neka je ¥ = (f;:::;Fn) jedna n-torka morfizama od 5. Za svako

1 Kk n,neka je v Y

i(k) = s i ok)= t;
k<l n 1 I<k

gde prazan proizvod ratunamo kao jedinicu i S| je domen, a t; je kodomen od fj.
Tada je druga funkcija definisana kao

WM(F) = (WM ()™ (WMZP(F,))°@ (WM (F1))°:

Na primer, za n = 3 i ¥ = (d$; d;s?) imamo da je WM(F) funktor iz M® u M*
zadat sa

WM(F)(A;B;C;D;E;F)=((A 1C) 2(B 1D);I5;E 2 F;lg);

gdesu 11 2 tenzori prve, odnosno druge, monoidalne strukture, a I3 je jedinica
tre¢e monoidalne strukture na M.

Ovaj par funkcija ne zadaje funktor iz (") u Cat zato &to u opstem slu¢aju
ne vazi

WM(g) WM(F) =WM(@ T):

Da bi WM bio relaksiran funktor potrebno je da za svaki par kompozabilnih
strelica Figiz ()" postoji prirodna transformacija

1.pWM(G) WM(T) T WM(g )

takva da slededi dijagram komutira:

WM(h) WM(g) WM(F)

g WM (P) HjWM M1,
WM(h g) WM(F) WM(@Hh) WM(g f)
1, il L
; _ g
WMmh g F)

U [3] je pokazano da je neophodan uslov za postojanje ovakvih prirodnih
transformacija ! to da za svako 1 Kk <1 n postoje strelice : Ix ¥ Iy,
kis ke Tl 1l kit ki ¥ 1y, kao i familija strelica k.

(A 1B) «x(C D)Y (A kC) (B kD)
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indeksirana ¢etvorkama (A;B;C;D) objekata iz M. Glavni rezultat tog rada
je da su, pored prirodnosti transformacija k:|, sledece jednakosti na strukturi
kategorije M dovoljne za postojanje zZeljenih prirodnih transformacija 1.

Zasvel k<I| n,

D) kit @ kk)=k (k1 kD, (1) @ 1 k) kt=Ck1 11) k1
2) ki @ «x k)=1, ®) @ 1 w) k=1,

3) ki (k1 k1)=1, 9) (k1 1) k=1,

4 ki @ kD= Kk (ki kD, 10)Q@ 1 k) kiI=Ckt 1) K
B) ki O« k)=1, A @ 1 k) k=1,

6) kit (k1 k1)=1, (12) (k1 1) k=1

izasvel k<l<m n,

(13) I;m kil = km,

(14) tm ki=Ckl m k)  km,

(15) tm Ckm 1 km) kI = km,

(16) tm Ckm 1 km) kI=Ckl m k) km,

(17 tm k1= km Cim k 1m),

(18) tm ki1=(ki m k) km (tm k &tm)

(19) tm (km 1 km) k1= km (m Kk tm),

(200 tm Ckm 1 km) kiI=(kl m k) km (m k &m)-

Pojam kategorije koja zadovoljava ove uslove uveden je u [1, Section 7.6]
pod imenom n-monoidalna kategorija. Ono $to je vazno za nas je da taj po-
jam uopstava pojmove simetri¢ne monoidalne kategorije, monoidalne kategorije
pletenica, bimonoidalne kategorije s intermutacijom (videti [4, Section 12]), si-
metri¢ne bimonoidalne kategorije s intermutacijom (videti [4, Section 16] i [9,
Section 2|) kao i pojam N-tostruke monoidalne kategorije uveden u [2, Section 1].
To znati da korektnost redukovane bar konstrukcije koju smo pokazali povlaci
korektnost svih redukovanih bar konstrukcija baziranih na kategorijama datih
tipova. Na$ rezultat, takode, omogucuje da mnoge kategorije s vige prirodno
definisanih monoidalnih struktura na sebi dobiju priliku da se raspetljaju u smislu
kako smo tu re¢ upotrebili u uvodu. Na taj nacin, svaka kategorija s kona¢nim
koproizvodima i proizvodima, kakva je na primer kategorija kona¢nih skupova,
moze da se dvostruko raspetlja u odnosu na te dve monoidalne strukture.
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Abstract

Quasitoric manifolds and their real analogues ’small covers’ are impor-
tant class of manifolds studied in toric topology. In this paper we study
the characteristic classes of corresponding manifolds over polygons and its
applications to classical questions in algebraic topology.

1 Introduction

Davis and Januszkiewicz in [3| introduced quasitoric manifolds as topological
generalization of toric varieties in algebraic geometry. Quasitoric manifolds are
2n-dimensional which poses locally standard action of group T" and the orbit
space of this action is a simple polytope P". Real analogue of quasitoric manifolds
are small covers, i. e. N-dimensional manifolds with ZJ action instead of T". A
nice exposition about quasitoric manifolds is given in the classical monograph |[2].

In their remarkable paper Davis and Januszkiewicz described these manifolds
and explained their cohomology ring and characteristic classes. Combinatorics
of underlying polytope P" plays important role in understanding of topological
properties. Stanley-Reisner ideal strongly influence cohomology of this manifolds,
but the group action also determines very special ideal which is necessary for
full description. Thus, there exist nonhomeomorphic manifolds over the same
polytopes.

The construction of a quasitoric manifold (small covers) from the characteristic
pair (P™; 1) is described in [2, Construction 5.12]. Recall that P" is a simple

polytope with m facets and = ( 1;:::; m) is an integer N M matrix, where

subgroup of the characteristic submanifold Mj over the facet Fj. For every vertex

v=Fi;\  \Fi, 2P" the matrix has the property det ;,, = 1 where
is a square submatrix formed by the column vectors i, :::, i, corresponding
to the facets Fi,, 111, Fi,. The matrix 1is called the characteristic matriz of M.
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xn
=Y
i=1

I denote the Stanley-Reisner ideal of P. The ordinary cohomology of quasitoric
manifolds has the following ring structure:

The total Stiefel-Whitney class can be described by the following Davis-Januszkiewicz
formula:

yn
wMZM) = (1+v;)) 2H (M?";Zy);
i=1
where Vi is the Z-reduction of the corresponding class over Z coefficients. An
analogous formulas hold for small covers [3, Corollary 6.7]. In the same paper the
total Chern class of quasitoric manifold M?" is given by formula

y
c(M?M) = (1+vi)2H (M*";2);
i=1

while Pontriagin class is given by

yn
p(M®M) = (1 v§)2H (M 2):
1

i=
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2 Manifolds over polygons

Combinatorics of the underlying polytope strongly affects topology of quasitoric
manifolds. Here we are particulary interested in a special case n = 2. In this
case, small covers are 2-manifolds, the objects we know a lot about. However,
quasitoric 4-manifolds are quiet interesting. Basic example is complex projective
plane CP? which orbit space of toric action is triangle. Quasitoric manifolds over
square are known as Hirzebruch surfaces Hg.

We prove the main theorem of this contribution:
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Theorem 2.1. Let M* be a quasitoric manifold over the 2m-gon. Then the
classes Wa(M?) and w3(M*) vanish.

Proof: We observe that the total Stiefel-Whithney class is easily reduced on

\d
wMY = (A +Vi+Vizm) 2H (M Z,):
i=1

Ideal J in Davis-Januszkiewicz formula is given by two relations (we can consider
that all coefficients are 0 or 1)

ajvy +axvo + +amVoam = 0 (1)
b]_Vl + b2V2 =+ + b2mV2m = 0 (2)

For every i modulo 2m we have

di dj+1
det = 1L 3
bi  bi+1 )
Thus, from (1) and (2) we have VjVj 1 = VjVj+1 for every i. Finally, in cohomology
ring H (M#%; Z2) we have

V1Vo = VoV3 = = VomVy & O:
Now, the class W4(M*?) is determined by
Wa(M?") = vivo +Vovg +  +VomVp =2m  Vivp = O

If one of the relations is Vi + Vo +  + Voy, = 0 then Wo(M?) clearly vanish. So
we assume this is not the case. Due to the relations (3) we have that aj =bj =1
or exactly one of @j and bj is equal to 1. In the case aj =bj =1 and aj 1 = @j+1
we have Vi2 = 0. In another case we deduce Vi2 = Vj 1Vj = VjVj+1. Notice that
in the case @i = bj = 1 and a; 1 & aj+1 if collapse the edge i of the 2m-gon
into the vertex, we get (2m  1)-gon with regular sequence of vectors (we just
‘deleted’ [ajbj]'). Then if we collapse every edge i for i such that aj = bj = 1
and aj 1 & aj+1 we get new polygon with regular sequence of vectors. Now we
consider the sides i such that aj = bj = 1 and a; 1 = aj+1 and we collapse both
sides 1 and i+1. Again we get the polygon with regular sequence. After collapsing
all sides with vector [11]' we get the polygon with regular sequence of alternating
vectors [10]' and [01]t which must have even number of sides. This means that
number K of the collapsed sides 1 such that aj = bj = 1 and a; 1 & aj+1 is even.
By previous observations, for the class W3(M?") we have

WI(M2M) = (vi + Vo +  + Vo) =K vivp =0

We have the following corollary:
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Corollary 2.1. The quasitoric manifold M* over the 2m-gon is the boundary of
a S-dimensional manifold.

In general, for manifolds over (2m + 1)-gons we have various options. For ex-
ample, complex projective plane CP? is not boundary of a 5-manifold. Comparing
the Stiefel-Whitney numbers one can prove that manifolds CP? and RP? RP?2
belong to the same unoriented cobordism class, see [4, Corrolary 4.11, p.53]. How-
ever, since for any quasitoric manifold M* the first Stiefel-Whitney class vanish,
there is no quasitoric manifold cobordant to RP*. According to well-known re-
sult [5, Theorem 13.4, p.26], the unoriented cobordism classes of 4 manifolds are
represented by RP# and RP? RP2.

In the same manner as in Theorem 2.1 we prove the following theorem:

Theorem 2.2. Let M* be a quasitoric manifold over the (2m+1)-gon. Then the
classes Wa(M#) and W3(M*) are nontrivial.

As corollary, we get:

Corollary 2.2. The quasitoric manifold M* over the (2m+ 1)-gon has the same
unoriented cobordism class as CP?2.

Theorems 2.1 and 2.2 shows that the parity of the side number of underly-
ing polygon determines unoriented cobordism classes of quasitoric 4 manifolds.
Oriented and complex bordisms are studied [2, Section 5.3, p.69-74].

3 Immersions and Embeddings

The results from previous sections could be used for studying the immersions and
embeddings of quasitoric manifolds. As in [1], we use the dual Stiefel-Whitney
classes as obstruction.

It is known that the top dual Stiefel-Whitney class of a oriented closed 2n-
dimensional is always zero. Using the argument from previous section we can
prove this elementary for quasitoric 4-manifolds. Thus only interesting class is
Wo(M*#) which is easily calculated

Wo(MY =vi +vo + + vy
As corollary of 2.2 and [4], we have that:
Corollary 3.1. For a quasitoric manifold M* over (2m + 1)-gon we have
immM?%) 6 and em(M*) =T7: (4)

Choosing the alternating sequence of columns [01]t and [10]t for the char-
acteristic matrix of manifold M# over 2m-gon, allows us to construct quasitoric
manifold with trivial Chern, Pontriagin and Stiefel-Whitney characteristic classes.
However, if we change one of the columns [0 1] with [1 1]}, we get manifold over
2m-gon with non-trivial second Stiefel-Whitney class, for which the same relations
as in Corollary 3.1 hold.
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Abstract

In this paper we consider polynomials in the skew polynomial ring R[X; 1],
for some ring endomorphism , which is generalization of polynomial ring
R[X]. Basic properties of rings of Laurent type are observed and conections
with Armendariz property. We also consider some examples of semmicomu-
tative and rigid matrix rings.

1 Preliminaries

Throughout this note each ring R is associative with identity, denotes an en-
domorphism of R and R[X; ] denotes skew polynomial ring with the ordinary
addition and the multiplication subject to the relation Xr = (r)x. Due to Rege
and Chhawchharia [1], a ring R is called Armendariz if f(X)g(x) = 0 implies
ajbj = 0, for all polynomials (X) = aix' and g(x) = bj xJ from R[X].There
i=0 j=0
are large classes of rings which are Armendariz. It is vxjrell known that subrings
of Armendariz rings are also Armendariz,and that class of Armendariz rings is
not closed for factoring. There is very nice characterization of Armendariz rings
through a bijection between the sets of annihilators of subsets of R and subsets of
R[x] (see [4]). Recently, several types of generalizations of Armendariz rings have
been introduced. Armendariz rings can be obtained through typical ring con-
structions. It is well known that subrings of Armendariz rings are Armendariz.
Rege and Chhawchharia studied conditions for which trivial extension T (R; R=I)
of reduced rings are Armendariz. Hong also generalized the notions of Armendariz
and rigid ring to -skew Armendariz ring. Ring R is called -skew Armendariz
if £(x)g(x) = 0 implies a;i '(bj) = 0, for all F(x) = i aix' and g(x) = i bj xJ
i=0 j=0
from R[X; ] (see [5]). As a generalization of -skew Armendariz rings, Ouyang
(see [2]) introduced a notion of weak -skew Armendariz ring R as a ring in which

. P .
F(X)g(x) = 0 implies a; '(bj) is the nilpotent element of R for all f(x) =  ajx'
i=0
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and g(x) = i bj x} from R[x; ]. Liu and Zhao have studied a generalization of
j=0
ArmendariyJ rings, which they called weak Armendariz ring. A ring is called a
weak-Armendariz if F(X)g(X) = 0 implies ajbj 2 nil(R). g(x) = ijj from
j=0

R[X; ]. Each semmicomutative ring is weak Armendariz which means that weak
Armendariz rings are a common generalization of semmicomutative rings and
Armendariz rings. There is example of semicomutative ring which is not weak
Armendariz. Let R = R;1 R, where Ry and Ry are any reduced rings. It
easy to see thar R is semmicomutative ring . Let : R ¥ R be an endo-
mophism defined by (@;b) = (b;a). For the polynomials f(X) = (0;1) (0;1)x
and g(x) = (1;0) + (0; 1)x we obtain F(x)g(x) = 0 but (0;1)(0;1) 2 nil(R). So
R is not weak Armendariz ring. A ring R satisfies it insertion of factor-
property(simply IFP) if ab = 0 implies aRb = 0 for a;b 2 R. In this paper we
consider conditions which Chen and Tong (see [3]) have proved that if R and S
are rings and  is an isomorphism of rings R and S and R is -skew Armendariz
ring, then S is L skew Armendariz ring. In this paper we prove a variant of
this theorem for weak skew Armendariz rings. We also prove that if is endo-
morphism of ring R, and the factor ring R[X]=(x") is weak e-skew Armendariz
then Vh(R) is weak e-skew Armendariz.

2 Triangular ring T(R;n)

For a ring R consider a following set of triangular matrices

82 3 9
% di1 aiz ai3 ::: QAin E
0 dpp aAp3z I QA2n =
Th(R) = 0 0 ass ::i asn jaij 2 R§ ;
0 0 0 ::: apn '

We also consider the following set of triangular matrices

82 3 9

8 ai az I an 1 %

% 0 ag a1 ::: an 2 =
T(R;n): 0 0 ap ::: asn jaij ZRE
0 0 0 ::: ag '

It is well known that Tn(R) and T (R; n)are subrings of the triangular matrix rings
with matrix addition and multiplication. Each endomorphism of a ring R can
be naturally extended to a endomorphism

T Ta(R) ¥ Th(R);
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and
—:T(R;n) ¥ T(R;n);

with: 02 31
a1 di2 a3 i Qain
0 axp ax i an
- 0 0 asz ::: asn =
0 0 0 ::: ann
2
(311) (a2) (a) ::: (ain)
(6122) (@s) i (azn)
(@s3) i (asn) 7:
0 (ann)
and
02 31
dp a1 a13 . an 1
0 ag a1 ::: an 2
- 0 0 agz ::: asn =
O 0 0 ::: ag
2 3
(ao) (@) (@) :: (an 1)
(ao) (@) i (an 2)
(azs) ::: (asn)
0 e (ap)
Let Eijj = (est : s;t  n) denotes N N unit matrices over ring R, in
Whldbeu =1 and est =0whens&iorté& j, 0 i5j n,foralln 2 If
V = " 1Eiiw, then Vo(R) = Rln + RV +::+RV™ Lis the subring of upper

triangular skew matrices.
In the next section we will show that under the assumption that R[X]=(Xx") is
weak Armendariz we obtain the weak Armendariz property of ring T (R;n).

Theorem 2.1. Suppose that s an endomorphism of ring R. If the factor ring
R[X]=(x") is weak e-skew Armendariz, then T (R;n) is weak e-skew Armendariz.

Proof. Suppose that R[x]=(X") is weak € skew Armendariz and define the ring
isomorphism : Vh(R) ¥ R[x]=(X") by

(roln + 1V ++r1y (VP D =rg+rx++ry 1 x" 1+ (x"):

Now we have that Vh(R) is weak ‘e -skew Armendariz and
le (roln+nrV+:+rm V" D= le(rg+rx+:+ry X" 1+ xM)
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= I (r0)+ (ro)x+: (rm )x" P+ (xM)
= (rQ)ln+ (r)V +um+ (rp V"1
=e(roln+rV +:+ry (VN 1),
which means that V,(R) is weak e-skew Armendariz ring. On the other hand
there is a ring isomorphism f : R[X]n(x") ¥ T(R;n) given by

flap +aix +:+a, 1x" )= (ag;ar;an 1)

,. where (X") is ideal in R[X] generated with X". Now by a theorem of isomorphism
of rings we have that Kerf = (x"). a

3 Extensions of weak Armendariz rings

In this section we generalize some results from [3], which are related to -skew
Armendariz rings, to the weak -skew Armendariz case.

A ring R is weak Armendariz if f(X)g(X) = 0 implies ajbj 2 nil(R) for every
two polynomials F(X) = ap + aix + i + apX", g(x) = bp + bix + i + by x™
from the ring R[X]. This definition is equivalent with the fact that ideal 0 is weak
Armendariz ideal. We will prove that the class of weak Armendariz rings is closed
for direct products. Also, if the factor ring R=1 is weak Armendariz ring, for some
nilpotent ideal I, then the ring R is weak Armendariz.

Theorem 3.1. Finite direct product of weak Armendariz rings is weak Armen-
dariz ring.

Proof. Suppose that R1; R2; i1 Ry are weak Armendariz rings and R = Q in=1 R;j.
If F(X)g(x) = 0 for some polynomials

f(X) = ag + arx + axx? + :: + anx™; g(x) = bg + byix + :: + byyx™ 2 R[X];

where @i = (j1; ai2; .33 @in), bi = (bi1; bi2; 23, bin) are elements of the product ring
R, define

fi(X) = agk + ayX + i+ ankX"; ge(X) = bok + baX + 1+ brex™:

From f(X)g(x) = 0, we have

agho = 0; aghy +aihg =0; :ii; anbm =0;
and this implies
ao1bor = @ozboz = ::i = agnbon =0
aoib1y + ajabor = I = apnbin + ainbon =0
an1bmi = an2bm2 = i = annbmn = 0:

This means that fr(X)gk(X) = 0 in R¢[X]; 1 k n, and since Rk are weak
Armendariz rings, we have ajkbjx 2 nil(Rk). Now, for each i;J, there exists
positive integers Mjjk such that (ajkbj )Mk =0in thering Rx, 1 k n:If we
take mjj = maxfm;jx : 1k ng, than it is clear that (ajbj)™ = 0 and this
means that R is weak Armendariz ring. a
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Theorem 3.2. If | is nilpotent ideal of ring R such that R=1 is weak Armendariz
ring, then R is weak Armendariz ring.

Proof. Let £(X) = ap + a1X + ::: + anX" and g(X) = bg + bix + i + byyX™ are
polynomials from R[X] such that f(x)g(x) = 0. This implies

(@ + arpx + i + apx") (bo + byx + i + byx™) = 0;

and since R=1 is weak Armendariz, we have that @ibj 2 nil(Rjl). From the fact
that the ideal I is nilpotent, we obtain that ajbj 2 nil(R). a

Recall that a ring R is weak -rigidifa (a) 2 nil(R) , a 2 nil(R). It is easy
to see that the notion of weak -rigid ring generalizes the notion of a -rigid ring.
Every homomorphism  of rings R and S can be extended to the homomorphism

. )] .
of rings R[X] and S[x] by ~ ajx' A (aj)x', which we also denote by . Chen

i= i=0
and Tong in [3] prove that if is ring isomorphism of rings R and S and R is
-skew Armendariz, then S is ! skew Armendariz ring. We prove the weak

skew Armendariz variant of this theorem.

Theorem 3.3. Let R and S be rings with a ring isomorphism R ¥ S. IfR
1s weak -skew Armendariz then S is weak L skew Armendariz.

m . m .
Proof. Let f(X) = ajx' and g(x) = bjx} are polynomials from the ring
i=0 j=0 _
S[x; 1. We have to prove that F(X)g(x) = 0 implies a;j( i) 2
nil(S), for all i and j.
As wenoted, extends to the isomorphism of corresponding Fgolynomial rings,
bJQXj from R[X]
j=0
P . fn Ovoi
such that F(x) = (f1(X)) = @)x' and g(x) = (g2(x)) = ()
i=0 j=0
First, we shall show that F(X)g(x) = 0 implies f1(X)g1(x) = 0. If F(X)g(x) =
0, we have

pn .
so that there exists polynomials fi(x) =  a¥!' and g;(x) =
i=0

abk +ar( Dk D+ +a Do) =0;
forany 0 Kk m. From the definition of f1(X) and g1(X), we have,
(@) OR) + (ad)( DGR D)+ @R H (0g) =0;
so that ( ht= t 1 yweobtain
adhg +af (f ) ++al 0D =0,

which means that f1(X)g1(X) = 0 in the ring R[X; ].
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It remains to prove that f1(X)g1(X) = 0 implies aj( _ l)i(bj) 2 nil(S).
From the fact that R is weak -skew Armendariz we have a? '(b?) 2 nil(R)
and since a = 1(ai);b19 = 1(bj), we have (&) i L(bj) 2 nil(R).
This implies
Ma) ' )= Mai( (b)) 2 nil(R)
and finally we obtain
ai( i) 2 nil(S); 0 i;j m:

Hence S is weak 1 skew Armendariz. a

4 Skew Polynomial Laurent series Rings

In this section we introduce Laurent -Armendariz rings and Laurent -skew
power series rings and we give their useful characterization in terms of -skew
Armendariz rings. Throughout this section is a ring automorphism.

A ring R is -skew Armendariz ring of Laurent type if for every two polyno-
mials

X ) x )
f(x) = aix'; g(x) = bjx!
i= p j=t
from R x;x 1 |

f(X)g(x) =0 implies & '(bj)=0; p i ¢ t j s

We say that R is -skew power series Armendariz ring of Laurent type if for
every

R ) b3 )
f(x) = aix'; g(x) = bjx!
i= p j=t

from the power series ring R[[X; X 1. 11,
f(X)g(x) =0 implies & '(bj)=0; p i 1; t j 2A:

In the following two theorems we give a useful characterization of Laurent
-skew Armendariz rings and Laurent -skew power series rings.

Theorem 4.1. The following conditions are equivalent:
1. R is -skew Armendariz ring,

2. Ris -skew Armendariz ring of Laurent type.
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P ) R -
Proof. Suppose that F(X) = aix' and g(x) = bjx} are polynomials from
i= p =t
the ring R[x;x 1; ] such that F(X)g(x) = 0. Since xPF(x) and Xx'g(X) are
polynomials from the ring R[X; ] we have that XPF(x)g(x)xt = 0 which gives
P@@) "P(bj)=0; p i g t Jj s. Since isan automorphism,

Pai '(6)) =0;

so that we have aj i(bj) = 0. The converse is evident since R[x; ] R x;x 1;

Theorem 4.2. The following conditions are equivalent:
1. R is -skew power series Armendariz ring,
2. Ris -skew power series Armendariz ring of Laurent type.

Proof. The same as the proof of the previous theorem. a
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Abstract

I. D. Arandelovi¢ and V. Misi¢ [4] (see also [5]) introduced the notion
of a contractive linear operator on metric linear spaces. In [3] authors con-
sider contractive linear operators on locally convex topological vector spaces.
General theory of contractive bounded linear operators on partial ordered
(non-necessarily locally convex) Haussdorff topological vector spaces and
theirs basic properties was presented in [6].

In this talk (paper) we present one common fixed point theorem with op-
erator contractive condition which generalize some earlier results obtained by
S. Chatterjea [10], M. Abbas and G. Jungck [1] - Theorem 2:4, L.-G. Huang
and X. Zhang [4] - Theorem 4, Sh. Rezapour and R. Hamlbarani [18] -
Theorem 2:7.

1 Introduction

There have been a number of generalizations of metric space. One such general-
ization is the notion of a TVS-cone metric space initiated by I. Beg, A. Azam and
M. Arshad [9] which include cone metric spaces in Huang - Zhang sense [4]. They
have proved some fixed point theorems for this class of spaces which generalize
Banach’s and Kannan’s contraction mappings principles in a cone metric space
with normal cone. This result’s were extended to cone metric space with solid
cone by Sh. Rezapour and R. Hamlbarani [18|. I. D. Arandelovi¢ and V. Migi¢
[4],[5] introduced the F - cone metric spaces and the notion of a contractive linear
operator and present some fixed point results with operator contractive condition
which generalize some results from [4] and [18]. In [3| authors consider contrac-
tive linear operators on locally convex topological vector spaces. General theory
of contractive bounded linear operators on partial ordered (non-necessarily lo-
cally convex) Haussdorff topological vector spaces and theirs basic properties was
presented in [6].
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G. Jungck [13] initiated the investigation of common fixed point theorems for
commuting mappings. S. Sessa [19] introduced the notion of weak commutativ-
ity of mappings, which further generalizes concept of R-weak commutativity of
R. Pant [17]. Further G. Jungck [14] defined compatible and weakly compatible
[15] pairs of self-mappings. Common fixed point results in cone metric spaces
were presented in papers [12], [1], [8], [16],...In this talk (paper) we present one
common fixed point theorem with operator contractive condition which generalize
some earlier results obtained by S. Chatterjea [10], M. Abbas and G. Jungck [1]
- Theorem 2:4, L.-G. Huang and X. Zhang [4] - Theorem 4, Sh. Rezapour and
R. Hamlbarani [18] - Theorem 2:7.

2 Preliminary Notes

Let E be a linear topological space. Let E be a linear topological space. A subset
P of E is called a cone if:

1) P is closed, nonempty and P & f0g;
2)a;b2R,a;b>0, and X;y 2 P imply ax+by 2 P;
3) P\ ( P)=f0g.

Given a cone, P E we define partial ordering on E with respect to P by
X yifand only ify X2 P. We shall write X <Yy to indicate that X Yy and
X &y, while Xy will stand fory X 2 intP (interior of P).

Let E be a linear topological space and let P E be a cone. We say that P
is a solid cone if and only if intP & ;. Then C is an interior point of P if and only
if [ c;c]is a neighborhood of in E.

Ordered topological vector space (E;P) is order-convex if its base of neigh-
borhoods of zero counsists of order-convex subsets. In this case the cone P is said
to be normal, or P-saturated.

Let E be a topological vector space and P E be a cone. P is a solid cone if
and only if INtP & ;. There exists solid cone which is non-normal [18|. In paper
[6] we introduced the notion of a contractive operator by the following way.

Definition 2.1. ([6]) f A: E ¥ E is a one to one function such that A(P) =P,
(I-A) is one to one and (I~ A)(P) =P then A is contractive operator.

Basic properties of contractive bounded linear operator we present in next
Lemma.

Lemma 2.1. ([6]) If A: E ¥ E is the contractive bounded linear operator then
1) there exists A L and it is bounded linear operator;
2) there exists (I A) 1 and it is bounded linear operator;
3) A(X) X for any X 2 intP;
4) Xy implies A(X)  A(Y) for any X;y 2 P;
5) X Yy implies A(X)  A(Y) for any X;y 2 P;

36



6) (1 A)X) X forany X 2intP;
7I+A+ +A"=(1 AL (1 A™;
8) for each X 2 P and any ¢ 2 INtP there exists a positive integer Ng such that

A"(x) ¢

for all N > ng;
9)limpy (I1+A+ +A)=(10 A) L

Recently I. Beg, A. Azam and M. Arshad [9] introduced the notion of TVS-
cone metric spaces, such that distance function take values Hausdorff (not neces-
sarily locally convex) topological vector space.

In the following, we always suppose that E is a real (not necessarily locally
convex) Hausdorff topological vector space, P is a solid cone in E such that is
a partial ordering on E with respect to P. By | we denote the identity operator
on E ie. 1(X) =X for each x 2 E.

Definition 2.2. Let X be a nonempty set. Suppose that a mappingd: X X 1
E satisfies:

1) d(x;y) for all X;y 2 X and d(X;y) = if and only if X =y;

2) d(x;y) = d(y; x) for all X;y 2 X;

3) d(x;y) d(x;z) +d(z;y) for all x;y;z 2 X.

Then d is called a TVS-cone metric on X and (X;d) is called a TVS-cone
metric space.

Definition 2.3. Let (X;d) be a solid TVS-cone metric space, X 2 X and (Xp) a
sequence in X. Then

1) (Xn) TVS-cone converges to X if for every ¢ 2 intP there exists a positive
integer N such that for alln N d(Xn;X)  ¢. We denote this by limx, = X or
Xn ¥ X;

2) (Xp) is a TVS-cone Cauchy sequences if for every ¢ 2 intP there exists a
positive integer N such that for all m;n N d(Xm;Xn) C;

3) (X;d) is a TVS-cone complete cone metric space if every Cauchy sequence
is convergent.

Lemma 2.2. ([7]) Let (X;d) be a TVS-cone metric space, (Xn) X and A :
E ¥ E a one to one bounded linear operator such that 2A is contractive operator

andB=(1 A) ' A If
d(Xn+1; Xn+2)  B(d(Xn; Xn+1)) (1)
for any n, then (Xn) is a Cauchy sequence.

Let X be a nonempty set and T : X ¥ X an arbitrary mapping. The element
X 2 X is a fixed point for T if x = F(X).

Let X;Y be a nonempty sets, f;g : X ¥ Y and F(X) ¢g(X). Choose a
point X1 2 X such that F(Xp) = g(X1). Containing this process, having chosen
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Xn 2 X, we obtain Xp+1 2 X such that F(Xn) = g(Xn+1). F(Xn) is called Jungck
sequence with initial point Xp.

Let X;Y be a nonempty sets and f;g: X ¥ Y. If F(X) = g(x) =y for some
y 2 Y then X is called a coincidence point of T and ¢, and vy is called a point of
coincidence of f and g.

Let X be a nonempty set and f;g : X ¥ X. F and ¢ is weakly compatible
self mappings if they commute at their coincidence point.

Lemma 2.3. ([1]) Let X be a nonempty set and ;9 : X ¥ X be weakly compat-
ible self mappings. If ¥ and g have unique point of coincidence y = £(X) = g(X),
then Y is the unique fized point of ¥ and g.

3 Results

Next Theorem generalizes Theorem 2:4 of [1|, Theorem 2:7 of [18] and Theorem
4 of [4]. It also include famous result of S. Chatterjea [10].

Theorem 3.1. Let (X;d) be a TVS - cone metric space, £, : X ¥ X and A :
E Y E one to one bounded linear operator such that 2A is contractive operator.

Suppose that the rang of § contains the rang of ¥, and g(X) is a complete subspace
of X. If for any X;y 2 X

d(f(); F(y))  A(d(g(x); F(y)) + d(g(y); £(x))); (2)

then T and g have a unique point of coincidence in X. Moreover if ¥ and g are
weakly compatible, then ¥ and g have a common unique fized point.

Proof: Let Xg 2 X be arbitrary. Choose a point X1 2 X such that f(Xo) = g(X1).
Continuing this process, having chosen Xp 2 X, we obtain Xp+1 2 X such that

f(Xn) = 9(Xn+1).
By (3:1) we get that

d(9(xn); 9(Xn+1)) = d(F(xn 1); F(Xn))
A(d(g(xn 1); F(Xn)) +d(g(xn); F(xn 1))) =

= AA@Xn 1);9(Xn+1)) +d(@(Xn); 9(Xn))) =
=A[d@EMXn 1):9(%n+1))  AG(Xn 1);9(Xn)) + A(d(9(Xn); 9(Xn+1));

which implies
(I A)[A@(n);9(Xn+1)))  AQ(A(Xn 1);9(Xn))):

Let B=(1 A) ! A. Now we have that (g(Xn)) is convergent because it satisfies
the hypotheses of Lemma 2:2 and g(X) is complete.

Let limg(xn) = q. q 2 g(X), because g(X) is complete, which implies that
there exists p 2 X such that @ = g(p). Let 0  c¢. Then there exists positive
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integer Ng such that N ng implies d(g(Xn);q) % and d(g(Xn); 9(Xn+1)) % )

Such Nng exists because limg(Xn) = . Let h > ng. Hence

d@(P): f() d(Ff(p); 9(Xn+1)) +d(g(Xn+1):9(p)) =
= d(f(p); F(Xn)) + d(g(Xn+1);0)
AA(F(p); 9(xn)) + d(g(p); F(Xn))) + d(9(Xn+1); 9)
A@AE(P): 9(p) +d(g(p); 9(Xn)) + d(g(p); F(Xn))) + d(g(Xn+1); d)
= A(A(F(p); 9(p)) + d(g; 9(xn)) + d(g; g(Xn+1))) + d(g(Xn+1); )
AT (P); 9(m)) + A(d(d; 9(Xn))) + A((9; 9(Xn+1))) + d(g(Xn+1); 9);

which implies

d(g(y); f(y)) AWd(gy); f(y))
A(d(g; 9(Xn))) + A(d(g; 9(Xn+1))) + d(g(Xn+1); Q):

Hence,

(I A)d@pP):f®)) c

So we obtain f(p) = g(p) =g, because I A is one to one linear operator, which
implies that (I ~ A)(X) =0 if and only if X =0.
Let z 2 g(X), z & p and g(z) = f(z). From (3:1) it follows

d(@(2):9(P) =d(f(2): () A(d(9(2);T(p)) +d(9(p): F(2)))
A(2d(9(2); 9(p))):

So 0 (A 1)(d(z;p)). It follows d(z;p) = O which is a contradiction. So F
and g have a unique coincidence point in X. Assume now that f and g f and g
are weakly compatible. From Lemma, 2:3 it follows that f and g have a common
unique fixed point. }
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Apstrakt

U ovom radu se razmatraju Diofantove jednadine x?> axy +y?> = a
i x> axy +y?> = a sa dvije cjelobrojne promjenljive X, y i jednim
prirodnim parametrom a. Ispituje se za koje vrijednosti parametra a ove
jednacine imaju bar jedno rjeSenje, a kada imaju beskonatno mnogo cjelo-
brojnih rjesenja. U slucajevima kada neka od ovih jednacina ima beskona¢no
mnogo rjefenja nalazi se njeno opite rjefenje. Ovim éemo uopstiti odgo-
varajuca tvrdjenja iz [1], odnosno [2].

Uvod

Poznato je da je teorija kvadratnih Diofantovih jednacina sa dvije promjenljive
skoro u potpunosti ispitana. Naime, za svaku ovakvu jednacinu se mozhe utvrditi
da li ona ima rjeSenja, a u slu¢aju kad ima rjeSenja, moze se polazeéi od jednog
njenog rjeSenja naci rekurentni niz kojim su odredjena sva njena rjeSenja. S sruge
strane, teorija kvadratnih Diofantovih jednacina sa dvije promjenljive i jednim ili
vie cjelobrojnih parametara je aktuelna i danas.

Neka je data familija (niz) kvadratnih formi

Pa(x;y) = x>  axy +y?%
gdje je a prirodan broj, a X i y cjelobrojne promjenljive. Ispitajmo za koje
vrijednosti parametra a i neke vrijednosti cjelobrojnog parametra b jednatina
Pa(X;y) = b ima bar jedno cjelobrojno rjesenje.
1 Diofantova jednaéina X*> axy +y? =
Razmotrimo prvo slucaj b = 1, tj. posmatrajmo Diofantovu jednacinu

x? axy+y?=1 (1)
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Ako je par (X;Y) rjeSenje jednacine (1), onda je o¢ito i par ( X; V) takodje
njeno rjesenje. Kako za Xy < 0imamo X? axy+y? > 1, a za Xy = 0 dobijamo dva
rjeSenja (1;0) i (0; 1), slijedi da se dalje moZemo ograniciti na rjeSavanje jednacine
(1) u skupu prirodnih brojeva.

Za a = 1 dobijamo jedna¢inu x> Xy +y? = 1, koja u skupu prirodnih brojeva
ima samo jedno rjefenje (1;1). Za a = 2 dobijamo jednacinu (X y)? = 1, &ja su
sva rjefenja u skupu N oblika (n;n + 1), (n +1;n), n 2 N. Neka je, dalje, a > 2.
Tada mozemo uzeti da je X & Yy, posto je za X = Y lijeva strana jednacine (1)
negativna.

Par (1;@) je jedno rjeSenje jednacine (1). Neka je par (X;y) jedno rjeSenje
jednagine (1). Pokazimo da tada ona ima i rjeSenje oblika (Y;z), koje je razli¢ito
od (X;y) (i (y;X)). Zaista, iz jednakosti Pa(X;y) = 1 i Pa(y;z) = 1 dobijamo
redom

x2 axy+y?=y? ayz+z%

2 z2=axy ayz;

X
(x zZ)(x+z)=ay(x z);
odakle, zbog X & z, slijedi da je X +z = ay, tj. z=ay X. Dakle, ako je (X;y)
rjeSenje jednacine (1), onda je i (y;ay X) njeno rjefenje. Na ovaj nacin, polazeci
od rjesenja (1;a), dobijamo da jednatina (1) ima beskona¢no mnogo rjesenja i da
su ta rjeSenja oblika (X;y) = (Xn;Xn+1), gdje su Xn 1 Xp+1 uzastopni ¢lanovi niza
(Xn) definisanog rekurentnom formulom

Xo=1;, X3 =8, Xpr1=aXn Xn 1 (N2 N): (2)

Pokazimo da su sa (2) data sva rjeSenja jednacine (1) u skupu prirodnih bro-
jeva.

U suprotnom, postoji njeno minimalno (u odnosu na zbir koordinata) rjeSenje
(p;q), p <gq, takvo da p i q nisu uzastopni ¢lanovi niza (2). Ako je p =1, onda je
q=a, tj. (p;q) = (Xo; X1), §to je suprotno pretpostavci.

Neka je, zbog toga, p > 1. Iz prethodno dokazanog slijedi da par cijelih brojeva
(r;p) = (ap (q;p) takodje zadovoljava jednacinu (1). Pritome je r> arp+p? 1=
0, odakle slijedi da je r >0 (za r 0 imali bismo da je r> arp+p?> 1>0).
Sli¢no dobijamo da je r < p, jer bismo za r p, zbog p < ¢, imali

rP+arp=r(@ r)=rqg>rp p>>p? I

tj. r> arp+p?> 1<0. Dakle, 0<r <p.

Kako par prirodnih brojeva (r; p) zadovoljava jedna¢inu (1) i pri tome je r+p <
p + g, na osnovu pretpostavke postoji K 2 Ng takav da je r = Xk i p = Xk+1-
Medjutim, tada je @ = ap r = aXk+1 Xk = Xk+2, tj. (P;q) je takodje par
uzastopnih ¢lanova niza (Xp). Kontradikcija.

Ovim smo dokazali sljedece tvrdjenje

Teorema 1.1. Za svaki prirodan broj a 2 jednac¢ina (1) ima beskona&no
mnogo rjeSenja u skupu prirodnih brojeva. Sva njena rjeSenja su oblika (X;y) =
(Xn; Xn+1), gdje su Xp 1 Xp+1 uzastopni ¢lanovi niza (2).
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2 Diofantova jednacina x> axy +y>=a

Neka je sada b =a, a 2 N, tj. posmatrajmo Diofantovu jednadinu

x? axy+y’=a: (3)
u skupu nenegativnih cijelih brojeva x i y. Ako je X =0 onda je y? = a, tj. a je
potpun kvadrat. Imamo sljedeéa dva slucaja.

1 Ako je a potpun kvadrat, tada je @ = b? za neko b 2 N, pa dobijamo
jednacinu
x?  b2xy +y? = b (4)
Pri tome moZemo uzeti da je b > 1, posto smo jednadinu x> xy +y? =1
veé razmatrali.

Kako je (b; b3) jedno rjesenje jednacine (4), kao i ranije dobijamo da je svaki
par (X;¥) = (Xk; Xk+1) uzastopnih ¢lanova niza (Xn) definisanog sa

Xo=0; X1 =b;, Xp+1 = b2Xn Xn 1 (N2N) (5)

takodje njeno rjeSenje.

Pokazimo da su sa (5) data sva rjeSenja jednaline (4) u supu prirodnih
brojeva.

U suprotnom, postoji njeno minimalno (u odnosu na zbir koordinata) rjeSenje
(p; 9), takvo da p i g nisu uzastopni ¢lanovi niza (5). Pri tome je p & q, jer
bismo za p = q imali (2 b%)p? = b?, §to je nemoguce, posto je lijeva strana
ove jednakosti negativna, a desna strana pozitivna. Takodje ne moze biti
1+¢?
1+q
ovaj razlomak je cio broj samo za prirodan broj q = 1, §to je u kontradikciji
sa p & . Dakle, moZzemo uzeti da je 1 <p <g.

p = 1, jer bismo u tom slu¢aju imali daje 1 b%q+q? = b?, tj. b? =

, a

Iz prethodno dokazanog slijedi da par cijelih brojeva (r;p) = (b°p  q;p)
takodje zadovoljava jednac¢inu (5). Posmatrajmo kvadratnu funkciju

f(x)=x> b’xp+p?> b2

Kako je F(@) =0i F(p) = (2 b?)p?> b% <0 za nule riq ove funkcije vazi
r <p <d. Imamo sljedeca tri slucaja.

1) f(0) = 0. Tadajer =0, p =b, g = b3, paje (p;q) = (X1;X2).
Kontradikcija.

2) £(0) > 0. Tada je p> b?> >0, tj. p > b, pa kako je F(r) = 0 i
f(p) < 0, dobijamo da je 0 < r < p. Kako par prirodnih brojeva
(r; p) zadovoljava jednaéinu (4) i pri tome je r +p < p + (, na osnovu
pretpostavke postoji k 2 N takav da je r = Xk i p = Xk+1. Medjutim,
tada je @ = b%p 1 = b®Xks1 Xk = Xk+2, tj. (P;Q) je takodje par
uzastopnih ¢lanova niza (Xp). Kontradikcija.
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3) f(0) <0. Tadajep? b><0,tj. 1<p>bir<o0,paje
0=Ff(r)=r> P’rp+p> b2=r2+p>+b% rp 1)>0;
jer je  rp 1>=0. Kontradikcija.

2 Neka a nije potpun kvadrat. Tada jea 2. Pretpostavimo da jedna&ina (3)
ima rjeSenje (X;y) u skupu nenegativnih cijelih brojeva. Kako za X = 0 (ili
y = 0) dobijamo da je a potpun kvadrat, slijedi da su X iy prirodni brojevi.
Neka je (p;Qq) njeno minimalno rjeSenje. Pri tome je p & q, jer bismo za
p=gqimali (2 a)p?= a, sto je nemoguce, posto je (2 a)p? 0. Dakle,
mozemo uzeti da je 0 < p <q.
Par cijelih brojeva (r;p) = (ap q;p) je takodje rjeSenje jednacine (3), tj.
vazi r> arp+p? a=0: Pokazimo da je 0 <r <p.

Posmatrajmo kvadratnu funkciju
fx)=x2 axp+p? a

Kako je F(q) =01 f(p) = (2 a)p? a < 0 za nule r i q funkcije T vazi
r<p<gq. Zaista, zaXx <0je F(x) =x%> axp+p> a> axp a O, tj
T(Xx) > 0, a ne moze biti r = 0 (jer bi u tom slu¢aju a bio potpun kvadrat).

Dakle, par (r;p) zadovoljava jedna¢inu (3) i vazi 0 < r < p < ¢, §to je u
kontradikciji sa pretpostavkom da je (p; Q) njeno minimalno rjeSenje.

Ovim smo dokazali sljedece tvrdjenje, koje je uopsStenje zadatka 6 sa Medju-
narodne matematicke olimpijade 1988. godine.

Teorema 2.1. Jednacdina (3) ima beskona¢no mnogo rjeSenja u skupu prirodnih
brojeva samo ako je a potpun kvadrat. Ako je a = b? potpun kvadrat, onda su
sva njena rjeSenja oblika (X;¥) = (Xn; Xn+1), gdje su Xp i Xp+1 uzastopni ¢lanovi
niza, (5).

3 Diofantova jednaéina x> axy+y>= a
Neka je b= a, a2 N, tj. posmatrajmo Diofantovu jednatinu
x? axy+y’= a (6)

u skupu (nenegativnih) cijelih brojeva X iy.
Pokazimo da ona ima cjelobrojnih rjeSenja samo za a = 5.

1 Pretpostavimo da jednatina (6) ima cjelobrojnih rjegenja. Tada je a > 2,
jer je

2

1
X xy+y2+1=Z (2x  y)?+3y? +1>0;
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X2 2xy+y?+2=(x y)?>+2>0:
Dalje, za a > 2 jednatina (6) nema cjelobrojnih rjesenja takvih da je X =y,
jer za X =y dobijamo da je

2 A

2 aXl+a ti =
( )X Do X=E

. a e e a e el
azaa 3vaz 1< T 2 < 4 odakle slijedi da a ne moze biti potpun

kvadrat.

Primijetimo jo§ da jednatina (6), posmatrana kao kvadratna jednadina po
X pri fiksiranim a > 2 iy 2 N, nema cjelobrojnih rjeSenja. Zaista, u
suprotnom bi njena diskriminanta jednaka nuli, tj. a?y? 4(y?> +a) =0,

4a .. 4a
2 4 Kako za a > 2 vazi 2Z 4 5

odnosno y2 = i ne moze biti

4a

2z 4 =1, jer jednacina a® 4a 4 = 0 nema cjelobrojnih rjeenja, to
da

2 2 ne moze biti potpun kvadrat. Kontradikcija.

Pretpostavimo da je (p;q), p < ¢, minimalno rjeSenje jednacine (6) u skupu
prirodnih brojeva, tj. rjeSenje sa najmanjim y =p. Za toy = p kvadratna
jednacina

x? axp+p’+a=0 (7)

ima dva razliCita rjeSenja X = qi X =1, g <r. Tadajep <q < pa je
g p+lir p+2. Naosnovu Vijetovih formula za korijene q i q jednadine
(7) vazi

g+r=ap; qr=p’+a

Zbog toga je

pP+a ap=qr q r=( 1 1) 1 pp+1) 1=p’+p 1

tj. p>+a ap p?>+p 1; o je ekvivalentno sa (1 p)(1+a) O.
Posljednja nejednakost je moguéa samo za p = 1, a u ovom slucaju sve
gornje nejednakosti postaju jednakosti pa dobijamo da je

g=p+1=2, r=p+2=3ia=qr p>=5:

Neka je a = 5. Tada dobijamo jednacinu

x?  Bxy +y?+5=0: (8)

Za X = 1 dobijamo jedna¢inu y?> 5y + 6 = 0, koja ima dva cjelobrojna
rjeSenja y = 21y = 3, §to znadi da su (1;2) i (1;3) rjeSenja jednatine (8).

Ako je (X;y) rjeSenje jednacine (8), na osnovu ranije pokazanog, slijedi da
jei(y;5y X) njeno rjeSenje. Zbog toga ¢e jednacinu (8) zadovoljavati svi
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parovi (Xk; Xk+1) 1 (XE; Xﬁ +1) susjednih ¢lanova sljedeca dva niza (Xn) i x%)
definisanih rekurentnim formulama

Xo=1, X1 =2 Xp+1=5Xn Xn 1; N2N; 9)
x3=1; x3=2; x%,=5x x% ;; n2N: (10)

Pokazimo da su na ovaj nac¢in odredjena sva rjeSenja jednacine (8). U
suprotnom postoji njeno minimalno rjeSenje (p;q), p < (, takvo da p i q
nisu uzastopni ¢lanovi jednog od nizova (9) ili (10). Ako je p =1, onda je
g=2iliqg=3paje(q) = (Xo;x1) ili (p;q) = (x$;x9), &to je suprotno
pretpostavci.

Neka je, zbog toga, p > 1. Tada je par (p;r) = (p;5p Q) takodje rjeSenje
jednacine (8) pa je r> 5rp+p?+5 =0, odakle slijedi dajer >0 (zar 0
je lijeva strana ove jednacine pozitivna). Pokazimo da je r < p. Neka je
f(X) =x> 5xp+p?>+5. Tadajef(q) =0iFf(p)= 3p?+5<0, paza
nule r i q ove funkcije vazi r < p < ¢, odnosno 0 <r < p < . Kako par
(r; p) zadovoljava jednacinu (8), slijedi da postoji K takvo da je

0

r=xg; p=xXk+1 ili r=x% p=x2,:

Medjutim, tada je ¢ = 5p r = 5Xk+1 Xk = Xk+21iliq =5p r =
SXE+1 Xﬁ = XE+2, tj- (p;q) je par uzastopnih ¢lanova jednog od nizova
(Xn) i (X%). Kontradikcija.

Ovim smo dokazali sljedece tvrdjenje, koje je uopstenje zadatka M 1225 iz [2].

Teorema 3.1. Jednacina (6) ima rjeSenja u skupu prirodnih brojeva samo za
a = 5. Za a = 5 su sva njena rjefenja oblika (X;y) = (Xn; Xn+1) ili (X?,;X?Hl),
gdje su Xn i Xp+1, odnosno X3 i X9, ;, uzastopni ¢lanovi nizova (9) i (10).
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Apstrakt

U radu su analizirani konveksni jednakostrani polupravilni poligoni i to
sa stanovista geometrijske konstrukcije i geometrijskog prikaza. Analizirani
su uslovi pod kojim se mozZe geometrijski konstruisati polupravilni jednakos-
trani konveksni poligon,a zatim je dato rjeSenje problema vezanog za odrede
broja geometrijskih prikaza polupravilnih poligona Py sa N =n m stran-
ica. Formulisana je veza geometrijskog prikaza polupravilnih poligona i
trinomnih jednacina.Na osnovu te veze dat je analiticki pristup konstruk-
ciji polupravilnih jednakostranih poligona &iji vrhovi upisanog mu pravilnog
poligona leZe na jedini¢noj kruznici.

1 Uvod

Navedimo nekoliko elementarnih pojmova iz algebre koji su nam potrebni za dalje
izlaganje,a koji su povezani sa geometrijskom konstrukcijom pravilnih poligona|l].
Neka je = a+bi; a;b 2 R proizvoljan kompleksan broj.Od posebnog
interesa su kompleksni brojevi ¢iji je modul jednak 1.Neka je z takav broj. Tada
je z=cos” +isin”. Slike stepena broja z leZe na kruznici polupre¢nika r = 1.
Faza broja Z? jednaka je 27 faza broja Z3 je 37, faza broja z" jednaka je n~.

Lako se pokaze da dijeljenje kruznice na n 2 N jednakih dijelova vodi ka
defenisanju jednacine z" 1 = 0. Radi toga jednacina takvog oblika nosi jos i
naziv jednacina dijeljenja kruznice.

Stavimo li da je " = cos 2- + isin Z- tada je " = cos 2K~ +isin 2

Korijeni n-tog stepena iz jedinice; 1;"; n2.v3. - 1o medusobno razliciti
i njihove slike predstavljaju vrhove pravilnog n-tougla, upisanog u kruznicu polu-
pre¢nika r = 1, pri ¢emu tacka koja odgovara broju 1 odgovara jednom od vrhova
pravilnog poligona. Primijetimo da, kako je "" = 1, vrijedi

nn k=nnn |(=1 1] k:cos& isin& (]_)
n n

Konstrukcija pravilnog n-tougla svodi se dakle, na odredivanje n-tog korijena
iz jedinice, tj.takvog broja " koji zadovoljava jednacinu z" 1 =0:
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Kako jez" 1=(z 1)@E" '+2z" 2+ +z+1)slijedi da je 1 korijen
jednacine z" 1 =01 da svaki drugi korijen " zadovoljava jedna¢inu

un 1 + "N 2 + +"= 1 (2)

Konstrukcija pravilnog n tougla moZe se ostvariti pomocéu Sestara i lengira kada
korijeni jednacine 2 mogu biti izraZeni u kvadratnim radikalima (dokaz pogledati

u [1]).

2 Geometrijske konstrukcije
i prikazi polupravilnih poligona

Neka je Pﬁl; konveksan jednakostrani polupravilni poligon sa N =n m stranica
kome je pravilni poligon P2:n  3;2 N "upisani" a P2, 3 2 N jednakokraki
poligoni sam = k 1 jednakih kraka konstruisani nad svakom stranicom pravilnog
poligona,kao zajedni¢kom,i neka je sa oznafen ugao za koji vrijedi

=\ (dj 1;di);i=212;:::;m Ll;dg=a;dy 1 =dg 2 =b; (3)
i 20, g—+) € g tada vrijedi teorema

Teorema 2.1. Konveksni jednakostrani polupravilni poligon P,f,; , stranice a i
ugla mozemo geometriski konstruisati ako i samo ako se moze geometrijski
konstruisati "upisani" mu pravilni poligon i odgovarajuéi iviéni poligoni sa m =
k 1 jednakih kraka nad svakom stranicom tog upisanog pravilnog poligona tako
dajeN=n m:

jednakokrakog poligona Pk konstruisanog nad svakom stranicom AjAj+1 "up-
isanog" mu pravilnog poligona.

Pokazano je [Gaus,1796.] da se pravilan poligon sa N stranica moZe geometri-
jski konstruisati ako i samo ako vrijedi

n=2" p;! p,? PsS;fo O;rg27; 210;19;i=1;2;:::580  (4)

gdje su pj razli¢iti prosti brojevi Ferme.To je ne samo dovoljan nego i potreban
uslov za konstrukciju pravilnog poligona [1]. Neka ti uslovi vrijede za "upisani"
pravilni poligon.Tada njegova konstrukcija postoji.

Ostaje da se analizira konstrukcija jednakokrakih poligona Plf * konstrusanih
nad svakom stranicom,kao zajedni¢kom,upisanog pravilnog poligona ako je zadana
duzina kraka a i ugao
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4AjByB3; 4A;B3By; i 4AjBi 1Bi; 4ABiBi+1; 4 AjBmAj+1:

Dakle,egzistencija konstrukcije poligona P2 zavisi od konstrukcije tih trouglova.
Ne gubedi nista na uopstenosti uzmimo da je jednakokraki poligon P& kon-

struisan nad stranicom A;A; = b pravilnog poligona P2:

Dijagonale dj, i = 1;2;:::(m 1), povucene iz vrha A; dijele poligon P2 na

trouglove

Vrijedi:
1. Za jednakokraki trougao 4A1B2B3 je zadato A1By = BBz = a,
\ A1 =\ B3 = i moZemo ga konstruisati,a AjBs = dj je osnovica tog
trougla.

2. Za trougao 4A1B3B4 vrijedi BsBs = a;\ A1 = A1Bz =d; i
k(Bg; a) \ A;Bs = Ba.

BiBi+1 = a;\ A1 = ;A1Bj = d;j 2.Dakle, mogu se konstruisati.

Slijedi,postoji konstrukcija poligona P2 stranice a i osnovice AjAz = b:

Ponovimo li konstrukeiju jednakokrakih poligona P& nad svakom stranicom
upisanog pravilog poligona dobijamo polupravilni poligon P§ kome je zadana
stranica a i ugao

Neka je PN konveksni jednakostrani polupravilni poligon sa N stranica i
N=n mynk 3m=k 1;n;k 2N tada ima smisla definicija

Definicija 2.1. Kazemo da paru prirodnih brojeva (n; m) odgovara geometrijska
konstrukcija KJ)' konveksnog jednakostranog polupravilnog poligona Py sa N
stranica ako:

1. Za svaki N 2 N postoje prirodni brojevi n;k 31 prirodan brojm=k 1
takvida N =n m.

2. Za broj stranica N upisanog pravilnog poligona vrijedi prikaz
n=2" p* p,? pPss;ro O;rp22Z; 210101 =1;2;:::;s:
gdje su pj razliciti prosti brojevi Ferme,

3. Nad svakom stranicom pravilnog poligona,kao zajedni¢kom, postoji kon-
strukcija jednakokrakog poligona sa m =k 1 jednakih kraka.
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Vrijedi i obratno: Geometrijskom konstrukcijom KJ' polupravilnog poligona
Pn sa N stranica je generisan ureden par (n;m) prirodnih brojeva takvih da
jen m=Nink 2 N;n;k 3;m = k 1;in je broj stranica upisanog
mu pravilnog poligona,a m broj kraka jednakokrakih poligona konstruisanih nad
svakom stranicom, kao zajedni¢kom, tog upisanog pravilnog poligona.

Kako prikaz broja N = n m u obliku proizvoda dva prirodna broja nije
jedinstven,jednakostrani polupravilni poligon nema jedinstvenu geometrijsku kon-
strukciju.

Ako je Ky skup svih geometrijskih konstrukcija polupravilnog poligona Py
tada je

Kn =FKD) nmk 3;nk2N;m=k 1~AN=n mg (5)

i pri tome N ima prikaz oblika 4.

Ako ne zahtijevamo da postoji stroga geometrijska konstrukcija pravilnog
poligona nego samo da postoji "upisani" pravilni poligon Py, odnosno da zahtjeve
definicije oslabimo tako da vrijedi definicija

Definicija 2.2. Ako se broj stranica N jednakostranog polupravilnog poligona
Pn moze prikazati kao proizvod dva faktora N m tako da je n broj stranica
"upisanog" pravilnog poligona, a m broj jednakih kraka poligona konstruisanog
nad svakom stranicom tog pravilnog poligona i pri tome je n;K  3;n;k 2 N;m =
k  1iN =n m,(nije obavezno da n ima prikaz oblika 4) kazemo da je parom
(n; m) odreden geometrijski prikaz PY' polupravilnog poligona .

Vrijedi i obratno:Geometrijskim prikazom P[] je generisan ureden par (n; m):
Oznadimo li sa Gy skup svih geometrijskih prikaza polupravilnog poligona Py sa

N =n m stranica tada je

Gn = P9 k2Nnmk 3im=k IL;,N=n m: (6)

Dakle,mozemo govoriti o skupu KN svih geometrijskih konstrukcijakada par
prirodnih brojeva (n;m) zadovoljava uslove definicije 2.1 i o skupu GN svih ge-
ometrijskih prikaza konveksnog polupravilnog poligona Py kada par prirodnih
brojeva (N; m) zadovoljava uslove definicije 2.2,0dnosno kada se ne zahtijeva da n
obavezno ima prikaz u obliku 4.

Na osnovu izloZenog slijedi da je svaki konstruktivni prikaz ujedno i geometri-
jski, a da obratno ne vrijeds.

Sljede¢im primjerima pokazujemo razliku izmedu geometrijske konstrukcije i
geometrijskog prikaza.

Primer 2.1. Par prirodnih brojeva (6;2) generiSe gemetrijsku konstrukciju

polupravilnog dvanestougla P12 jer postoji geometrijska konstrukcija pravilnog
Sestougla Pg i jednakokrakog trougla P3 nad svakom njegovom stranicom. Takode
geometrijsku konstrukciju jednakostranog polupravilnog P12 generiu i parovi

02



(3;4); (4; 3) jer se polupravilni dvanestougao moze konstruisati ako se nad svakom
stranicom jednakokrakog trougla konstruise poligon sa 4 jednaka kraka,kao i kada
se nad svakom stranicom kvadrata konstruiSe poligon sa tri jednaka kraka.

Na osnovu toga skup geometrijskih konstrukcija konveksnog polupravilnog
dvanaestougla ¢ine parovi

K12 = (6;2); (3;4); (4;3)g = TK3; K3; K3g
Osim toga skup geometrijskih prikaza polupravilnog dvanaestougla je
G12 = 1(6;2); (3;4); (4;3)g = TP§; PS; Pig

Parom (2;4) nije generisana ni geometrijska konstrukcija niti geometrijski
prikaz polupravilnog osmougla Pg jer nije ispunjen zahtjev da je N 3,dok par
(4; 2) generise geometrijsku konstrukciju tog polupravilnog poligona.

Na osnovu toga je skup svih geometrijskih konstrukcija polupravilnog jed-
nakostranog osmougla Kg = f(4;2)g = fK3g i jednak je skupu geometrijskih
prikaza Gg = f(4;2)g = fP2q:

Za razliku od toga geometrijska konstrukcija polupravilnog osamnaestougla
parom (9; 2) nije generisana,jer se pravilni devetogao nemoze konstruisati,odnosno

nije ispunjen uslov definicije 2.1,ali je generisan jedan geometrijski prikaz,tako da
je skup svih geometrijskih konstrukcija polupravilnog Pig

Kis = f(3;6); (6;3)g = FK§; Kig
dok je skup geometrijskih prikaza
Gis = f(9; 2); (3;6); (6;3)g = fP§; P3; Py

Pregled geometrijskih prikaza i geometrijskih konstrukcija za neke polupravilne
poligone prikazan je tabelom 1.

3 Odredivanje broja geometriksih prikaza
polupravilnog poligona

Oznacimo sa d(Gn) broj geometrijskih prikaza polupravilnog jednakostranog polig-
ona Py sa N = n m stranica.Problem odredivanja broja geometrijskih prikaza
d(GN) tog polupravilnog poligona razmatran je sljedeéim teoremom

Teorema 3.1. Broj geometrijskih prikaza d(Gn) polupravilnog poligona Py sa
N stranica,kome je Pn odgovarajuc¢i "upisani" pravilni poligon izra¢unavamo po
formuli

d(N) 3; ako je N paran broj

d(Cn) = d(N) 2 ako je N stepen prostog broja ili nije oblika 22" + 1

a d(N) broj pozitivnih djelitelja broja N.
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Tabela 1: Geometrijski prikazi i geometrijske konstrukcije,broj geometrijskih
prikaza i geometrijskih konstrukcija polupravilnih jednakostranih poligona u

rasponu od N =6 do N = 30 stranica.
N n

T(4:5);(5:4);(10;2)9g
f3;7);(7:3)g
f(11;2)g

T(3:8);(4:6);(6;4);(8,;3)(12;2)g
(559
f(13;2)g
f(3;9);(9:3)g
(4;7);(7;4);(14;2)9

1(3;10);(5:6):(6;5);(10;3);(15;2)g

T(4:5);(5:4);(10;2)g
3,79

T(3:8);(4:6);(6;4);(8;3)(12;2)g
(5,59

f(3:9g
f4:7g

(3;10);(5;6);(6;5);(10;3);(15;2)g

Gy Ky d(Gn) [ d(Kn)
f3:2)g f3:2)g
f(4:2)g f(4:2)g
(0;0)g
f(5:2)g f(5:2)g
(6;2);(3;4);(4;3)9 (6;,2);(3;4);(4;3)9
(7:2)9
f(3;5);:(5:3)g f(3;5);(5:3)g
f(4;4):8:2)9 f(4;4);(8:2)49
1(9;2):(3:6);(6;3)9 1(3;6);(6:3)g

Dob’lz:Neka je PN konveksni jednakostrani polupravilni poligon sa N stranica
iN= "5 P;', a pi razliciti prosti brojevi ; 2 (0;1);i = 1;2;:::;s, kanonski
prikaz broja N.Broj pozitivnih djelitelja broja N odreden je relacijom

dN)=(1+D( 2+1) (s+1) (7)

Po pretpostavci je N = n m pa je broj njegovih predstavljanja kao proizvoda dva
faktora,gdje se vodi ra¢una o poretku faktora,( vidjeti u [2] str. 65) jednak broju
njegovih pozitivnih djelitelja d(N) t;j.

d2(N) =d(N)=( 1 +1)( 2+1) (s+1) (8)
Svakim prikazom broja N kao proizvoda dva faktora n; m gdje se vodi racuna
o poretku faktora odreden je ureden par (n;m). Ovom uredenom paru prirod-
nih brojeva prema definiciji 2.2 odgovara jedno geometrijsko predstavljanje. Od
ukupnog broja tako odredenih uredenih parova moramo isklju¢iti one koji ne is-
punjavaju uslove te definicije.To su parovi(n;1); (1; m); (2; m).
Dakle,ukupan broj parova generisanih geometrijskim prikazima je

d(Gn) =d(N) 3

Ako je N stepen prostog neparnog broja, ili nije oblika 22" + 1, tada se od
ukupnog broja oduzimaju parovi (n; 1); (1; m),koji ne ispunjavaju uslove definicije
2.2 pa je ukupan broj geometrijskih prikaza

d(Gn) = d(N)  2:
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Iz navedenih definicija i dokazanog teorema slijedi da broj geometrijskih kon-
strukcija nije jednak broju geometrijskih prikaza za svaki polupravilni poligon
Pn sa N =n m stranica,ali postoje polupravilni poligoni kod kojih su ti brojevi
jednaki.

Primer 3.1. Polupravilnom P4 se mogu "upisati" sljedeé¢i pravilni poligoni
13;4,6;8; 129, dakle ima ih ukupno d = 5. Na osnovu (7), odnosno (8) imamo da
je d(Gag) =d(N) 3=8 3=5:

Navedimo nekoliko problema koji su vezani za broj geometrijske prikaza polupra-
vilnih poligona

Problem 3.1. Dokazati da postoji beskonatno mnogo polupravilnih jednakos-
tranih poligona kojima je broj geometrijkih prikaza i geometrijskih konstrukcija
jednak broju 5 tj. da vrijedi jednakost

d(Kn) = d(Gn) = 5
Na primjer kao §to su to polupravilni poligoni P24i P3p:

Problem 3.2. Dokazati da postoji beskonatno mnogo polupravilnih jednakos-
tranih poligona sa N = n m stranica za koje vrijedi

d(Kn) = d(Gn) = d(n)

gdje je d(n) > 2 broj svih odgovarajué¢ih pravilnih poligona Pn za koje postoji
geometrijska konstrukcija. Kao §to su: P12; P2a; P3o:

4 Geometrijski prikazi polupravilnog poligona i trinomne
jednacine

Paru prirodnih brojeva (n; m) kojim je generisana geometrijska konstrukcija K[!

jednakostranog polupravilnog poligona Py sa N = N m stranica pridruzimo
funkciju fn.m(X) definisanu sa

fam(X) =AX""+Bx"+C 9)

¢iji koeficijenti A; B; C 2 R zadovoljavaju uslov A+ B + C =01 pri tome su A i
C suprotnog predznaka tj.SignA = signC:

Sljede¢im teoremom je analiziran analiti¢ki pristup konstrukciji jednakostranih
polupravilnih poligona, odnosno, i pokazano je da afiksi nula jednacine

AxN +Bx"+C =0 (10)

¢iji koeficijenti zadovoljavaju navedene uslove odreduju vrhove polupravilnog
jednakostranog poligona Py :
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Teorema 4.1. Afiksi rjeSenja jednacine AXN +Bx"+C = 0 predstavljaju vrhove
jednakostranog polupravilnog poligona Py sa N = n m stranica kome vrhovi "up-
isanog" pravilnog poligona Pp leZe na jedini¢noj kruznici i nad svakom stranicom
tog pravilnog poligona je konstruisan poligon Pk sa m = K 1 jednakih kraka, ako
i samo za njene koeficijente A;B;C 2 R vrijedi A+B+C =0isignA = signC

Dokaz:Pretpostavimo da uslov A+ B + C = 0 vrijedi i da je SighA =
signC; A;B; C & 0. Pokazimo da afiksi rjeSenja jednacine predstavljaju vrhove
polupravilnog poligona Pyn. Kako je A = (B + C) polaznu jednacinu trans-
formisimo na sljededi na¢in
AN +Bx"+C =0
» B+C)xN+Bx"+C =0
» BN xm cxMN 1)=0
. BX"™ xM+cxN 1)=0
. BxX"x"™"™ 1+cx"™ H=o:

Primijetimo da vrijede rastavi

Mmoo = xMM o1
= (X" DM D4 xnM D x4 x"™ 1
GMM™ 1= " DM D xnm 2D x4
Na osnovu toga iz posljednje jednakosti imamo da je
BX"[(x"  1)(x"M D4 xnM Dy 4"+ 1)]
+C[(x" XM DM Dy x4 1] =0
. (X" DBX"(xNM 2 4 xn(m 3
+ A"+ D) HCHM D xnM Dy x4 1) =0

. (X" DB+CO)X"™M D4+ B+C)X"™M D+ +(B+C)X"+C]=0:

Koristec¢i uslov B +C = A i dijeljenjem posljednje jednacine sa A dobijamo
[
(X" 1) XM D opn(m 2 pyn % =0 (11)
Posljednja jednakost zamjenom X" =y prelazi u oblik
h ci
v Dy" Iy Ee 4y =0 (12)
Jedno rjeSenje ove jednacine je y = l,a svako drugo rjeSenje y = " mora
zadovoljiti jednacinu
C
mnm 1+||m 2+ +ll=7 13
z (13)
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Kako jey = X" za y = 1 imamo jedna¢inu X" 1 = 0 ¢ija su rjeSenja odredena
relacijom

_ P 2k n . 2k n

Xk =  1=-cos sin k=1;2;3; n

Oznadimo li rjeSenje sa W = C0S ZF +sin % tada je wX = cos % +sin %, pa se
prvoodredeni medusobno razli¢iti korijeni n tog stepena iz jedinice mogu pred-
staviti u obliku w;w?; w3; ;wn Lwh = 1. Graficki prikaz tih korijena pred-
stavlja vrhove pravilnog poligona Pp upisanog u jedini¢nu kruznicu pri ¢emu
tacka koja odgovara broju 1 odgovara jednom vrhu. Ostaje da se pokaZze da afiksi
rjesenja jednadine (13) predstavljeju vrhove jednakokrakih poligona Py konstru-
isanih nad svakom stranicom pravilnog poligona Pp:

Neka suy ="x;k=1;2;3; ;m 1 rjeSenja jednacine (13). Primijetimo da
svakom tom rjeSenju odgovara jedna binomna jednacina
" "=0; k=123 ;m L (14)

Svaka od tih jednalina Ibma N razlic¢itih prvoodredenih rjesenja koja leze na
kruznici polupre¢nika rix = " j"kj. Dakle, na taj na¢in se na m 1 koncentri¢nih
kruznica nalazi ukupno n(m 1) =nm n tacaka. Ako se tome doda i n tacaka
generisanih binomnom jednac¢inom X" = 1 dobijamo da je ukupan broj tacaka
konstruisanih rjeSenjima binomnih jedna¢ina mn n-+n=mn = N:

Obratno:Ako afiksi rjesenja jednacine AxN + Bx" + C = 0, predstavljaju
vrhove polupravilnog jednakostranog poligona PNy, sa N =mn;m =k 1 n;k
3;n; Kk 2 N stranica, pokazimo da je tada A + B + C = 0.Zaista, ako u jednacini
AX™ +Bx" + C =0, stavimo da je X" =" dobijamo A" +B" +¢ = 0.

Uzmimo da je pravilni poligon Py upisan u jedini¢nu kruznicu, &iji su vrhovi
odredeni afiksima rjeSenja jednacine X" 1 = 0. Kako su ti vrhovi i vrhovi
polupravilnog poligona PN jedno rjesenje jednacine AXN + Bx"+C =0 je X = 1,
na osnovu toga imamo da je A+ B +C =0.

Napomena 4.1. Ako jednalinu (13) transformisemo na sljede¢i nacin

nm 1+--m 2+ +" = 9
A
,mlyeem 24 vy = 1+%
"meo1 C
= 1+ "61
> " 1 Al
"m 1 _ A+C
>t 1A
" " A+C
LML= ¢ D)
"M 1+ %)"+ & =0 dolazimo do oblika
A" +B"+C=0;"61: (15)
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Ova jednac¢ina ima m 1 prvoodredenih razli¢itih rjeSenja. U zavisnosti od
toga da li je jednacina (15) rjeSiva zavisi i konstrukcija polupravilnog jednakos-
tranog poligona.

Napomena 4.2. Jednac¢inu AX"™ + Bx" + C = 0 napisimo u obliku AX™ +B +
X% = 0: Povec¢avamo li broj stranica "upisanog" pravilnog poligona odnosno, pret-
postavimo da n 1 tada bi jednacina tezila obliku AX™+B = 0. Afiksi tjesenja

te je(anaéine su vrhovi pravilnog poligona Py upisanog u kruZznicu poluprecnika

r="j B

5 Analitic¢ki pristup konstrukciji polupravilnih polig-
ona P;,

Analizirajamo klasu trinomnih jednagina koja generise konstrukciju polupravilnih
jednakostranih poligona PNy sa N = 2 n stranica kod kojih vrhovi "upisanog"
pravilnog poligona Pp;n 3 leZe na jedini¢noj kruznici,a poligoni Py konstruisani
nad svakom stranicom tog pravilnog poligona, kao zajednickom, su jednakokraki
trouglovi.

Teorema 5.1. RjeSenja trinomne jednatine Ax?" + Bx" + C = 0 za dije ko-
eficijente A;B;C 2 R vrijedi A+ B +C = 0i A i C su suprotnog predznaka,
predstavljaju vrhove jednakostranog polupravilnog poligona Pyn sa N = 2 n
stranica, kod koga vrhovi "upisanog" pravilnog poligona Pp leZze na jedini¢noj
kruznici.

Dokaz: Rijesimo li jednacinu Ax?" + Bx" + C = 0, pod pretpostavkom da
vrijede uslovi za koeficijente A; B; C,stavljanjem da je X" =y nalazimo da je jedno
rjeSenje Y = 1, a drugo rjeSenje y = %: Na taj na¢in smo problem odredivanja
vrhova polupravilnog poligona P2n sveli na odredivanje rjeSenja jednacina X" =1
ix" = % ¢iji afiksi predstavljaju vrhove tog polupravilnog poligona.

Oznac¢imo sa W = C0S % + sin % rjeSenje binomne jednacine X" 1 =0 tada
su medusobno razli¢iti korijeni n tog stepena iz jedinice redom
w; w2 wi: ;wh Lwh = 1 a graficki prikaz tih korijena predstavlja vrhove
pravilnog poligona Py, upisanog u jedini¢nu kruznicu pri ¢emu tacka koja odgovara
broju jedan odgovara jednom vrhu.

Da pokazemo da afiksi rjeSenja binomne jednacine X" = % predstavljaju
vrhove jednakokrakih trouglova konstruisanih nad svakom stranicom pravilnog
poligona Pp, dovoljno je pokazati da:

1. svako rjesenje  k =1;2; ;N jednatine X" = % pripada simetrali stran-
ice pravilnog poligona nad kojom je konstruisan odgovarajuéi jednakokraki
trougao

2. sve stranice su medusobno jednake tj. j jwWij = j jWj+1jzasvei =1;2; n
iJ=1,2; n.
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Dokazimo prvu osobinu. Neka je Sk simetrala ugla\ Ax 10Ak gdje je Ak 1Ak
stranica "upisanog" pravilnog poligona Ppr, S njena sredignja tacka i O = (0;0)
centar jedini¢ne kruznice. Neka je tacka By afiks rjesenja  jednacine X" % =0.
Koordinate tataka Ax 1 1 Ak su redom:

2k 1) .2k 1 2k 2k
2k b 2k 1

A = co 'S (A = €0S—;sin— ;
k1 n n k n n

a tacka Bk ima koordinate

2k+1) . (2k+1
Bk =r cos ( );sm ( )
n n
q —
gdiejer="j%jik=012 n 1
Elementarnim transforamcijama lako se pokaze da koordinate tacke By zado-
voljavaju jednacinu simetrale Sk

in2.(K 1) 4 cin2k
sin “—=-— +sin &%~

y =
cos 2D 4 o5 2K

Na osnovu toga je pokazano da vrijedi prvi zahtjev. Kako je svaka tacka na
simetrali duzi jednako udaljena od krajeva vrijedi i drugi zahjevj jWij = j jWj+1]:

U narednom primjeru je razmotrena veza trinomnih jednacina i konstrukcije
polupravilnih jednakostranih poligona P2n ako je n = 3.

5.1 Konstrukcija polupravilnih jednakostranih Sestouglova

Pokazimo da trinomna jedna¢ina Ax® + Bx® + C = 0; sa realnim koeficijentima
za koje je A+B +C =01 signA = signC generige jednakostrane polupravilne
Sestouglove, kojima je odgovarajuéi pravilni poligon "upisan" u jedini¢nu kruznicu
sa centrom u koordinantnom pocetku. Zamijenimo li X3 =y polazna jednatina
prelazi u jedna¢inu Ay? + By +C = 0. Obzirom na uslov jedno rjesenje jednacine
je )é = ]8 adrugoy = %. Kako je X3 =y imamo dvije binomne jednadine; X3 = 1
ix3=3%.

1,73 1 P3
Iz prve jednacine nalazimo da je Xo = 1;X1 = 5+ 5>/ X2 = 3 Tﬁpa su
odgovarajuéi vrhovi pravilnog jednakostrani¢nog trougla Az (1;0); Ax( %; 73),
VY
3( 21 2 )
Iz druge jednacine nalazimo da su rjesenja data relacijom
C. (2k+1) . (2k+1
xY = *j=j(cos @K*D L isin g); k=0;1;2: (16)
A 3
qa— . o J—
Uvrstimo li vrijednosti za K, nalazimo da je xJ = * j%j(%+73 x)= j%j x9 =

e ci1 '3
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Slika 1: Konstrukcija polupravilnog Sestougla

Primijetimo da konvekan(ﬂ jednakostranog polupravilnog Sestougla zavisi od

vrijednosti konstante = 3 j%j kao i egzistencija same konstrukcije.

Razlikujemo sljedece slucajeve:

1.

Akojel < < 2tadajel < % < 8; polupravilan Sestougao posto]j i
konveksan je. (Slika 1)

1

. Ako je 3 < <1ltadajeZa =1jeC = Aipolupravilan jednakostrani

Sestougao postaje pravilan

1

. Za = % tada je % = 3 i vrhovi se poklapaju sa sredistima stranica

pravilnog poligona, pa jednakostrani polupravilan Sestougao ne postoji.

. Ako je % < % < 1, polupravilan Sestougao postoji i konveksan je.

.Akoje 0 < < % tada je 0 < % < %,polupravilan Sestougao postoji i

nekonsveksan je.

. Ako je = 2 tada jednakostrani polupravilan Sestougao ne postoji.

. Ako je > 2 tada je % > 8, polupravilan Zestougao je nekonveksan ako

postoji.
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1.5+

Slika 2: Konstrukcija jednakostranog polupravilnog osmougla

5.2 Konstrukcija polupravilnog jednakostranog osmougla

Ako u trinomnu jednadinu koja generie 2n-tougaone jednakostrane polupravilne
poligone stavimo da je N = 4 dobijamo jednacinu Ax® + Bx* + C = 0 sa re-
alnim koeficijentima za koje vrijedi A + B + C = 0;singA = singC koja
generise polupravilne jednakostrane osmouglove. Stavimo li da je X* =y dobijamo
kvadratnu jednacinu ¢ija su rjeSenjay = 1iy = %: Na osnovu toga imamo dvije
binomne jednadine x* = 1i x* = %. RjeSenja tih binomnih jednacina odredena
su relacijama

2k 2k
=cos = +isin = —k=0;1;2;3
X = €08 == +isin = —; 11,2
.C. 2k +1 .. (2k+1
xP = 4191 cos%+|sm% ‘k=0;1;2:3

Iz tih relacija nalazio da su vrhovi polupraa@lngg jednakostragggpo§mougla
A1(L0): A2(0: 1) As( 10 As(0; 1)iAs = (Fi2)Re = (2 F)Ar =

2.73 P3. P3 b
(55 5°); As = (7;q —2) gdje je = * §(Slika 2.) Otito za razlicite vri-
jednosti parametra = * % imamo razli¢ite slucajeve, sli¢no prethodnom raz-
matranju.
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Abstract

We introduce a notion of weighted projective planes which is a general-
ization of usual projective planes. We prove that a Frobenius group G of
order 24 operates on a projective plane P of order 11 as a colineation group.
Using this operation the plane P may be constructed. A weighted projective
plane P of order 11 is equivalent to a totally simmetric (2,11-1) - quasigroup.

Key words: Projective plane, quasigroup, group, colineation, orbit.

1 Introduction

An incidence structure is a triple D = (V; B; 1), where V and B are disjoint sets
and I 'V  B. The elements of V are called points, and the elements of B are
called blocks. If A is a point of V , the set of all blocks incident with A is denoted
by (A). Thus

(A)=1b:b2B; Albg:

Moreover, for A1;Az;:::An, the set of all the blocks incident with all the points
A is denoted by (A1; A2;:::An). Thus

(A Az Ap) =T1h:b2B; Ajl b for all 12 Npg;
where N is the set of all positive integers and N = f1;2;:::ng. Dually, for
(b) =fA:A2V; Albg;
(b1;bo;ii:bp) =FA:A2V; Alb for all i 2 Nnhg:
We consider only the incidence structures where distinct blocks have distinct

sets of points. We identify each block b with the set (b) and identify the incidence
relation with the membership relation 2.
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1.1 Some definition and results

Definition 1.1. A incidence structure P = (V;B; 1) is called projective plane if
and only if it satisfies the following axioms:

1. (P:1) Any two distinct points are joined by exactly one line.
2. (P:2) Any distinct lines intersect in a unique point.

3. (P:3) There exists a quadrangle, i.e 4 points no three of which are on a
common line.

The following theorem is proved in [1].

Theorem 1.1. Let P = (V;B; 1) be a finite projective planes. Then there exists
a natural number N, called the order of P, satisfying:

a)j(A)j=j@j=n+1; forall A2V and g2 B;
b) jVj=jBj=n?+n+1:
The finite projective plane of order n will be denoted by S(2; n+1;n?+n+1).

The following definition generalizes the notion of finite projective planes of order
n.

Definition 1.2. A finite incidence structure P = (V;B; 1) is called weighted
projective plane with parameters N2 +n+1;n+1;1 2 N, if for any b 2 B there
is a mapping fp : (b) ¥ N, if and only if it satisfies the following axioms:

(WD:1) jVj=n?+n+1;
(WD:2) j(A;B)j =1, for any two distinct points A;B 2V ;
(WD:3) ky =n+1; foranyblockb 2 B; where :
a) the image f,(A) is denoted by tap; and is called the weight
of the point Ain the block b;
b) for A 2 V; its weight is ta = tapi; and
XAZbi

¢) for b 2 B; the number k, = tain iscalled the size of the block b:
Ai2b

Definition 1.3. A weighted projective plane s’ = (VO; B'; 2) is an extension of
a weighted projective plane S = (V; B; 2), if V V" and for each b 2 B there is
b’ 2 B’ such that (b) (bo), and for each A 2 (b), typ = tap:

Definition 1.4. An extension (VO; BO;Z) of a weighted projective plane with
parameters nZ+n+1:n+1:1 defined by

aVv' =V:
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b)B' = B [ B"where B” = ffA"*1g: A 2 Vg; and
c)for each A2 V; ta =r+n+1; where r is the number of block in B
containing A; is called a complete weighted projective plane with parameters

n2+n+1;n+1;1; and is denoted by S'(2;n + 1:n? + n + 1)

Next we compare complete weighted projective plane 50(2; n+1;n°+n+1)
with the notion of totally symmetric (2,n-1)- quasigroup given below.

Definition 1.5. Let Q be nonempty set, n and m positive integers, and
fo(XeXoiiiXn) ¥ F(Xq; X2, 00 %Xn)
a mapping from Q" into QM. Then we say that Q(f) is an (n; m)- groupoid.

A (n; m) — groupoid Q(F) is said to be a (n; M)— quasigroup if and only if the
following statement is satisfied:
(A). For each "vector" (ai;az;:::an) 2 Q" and each injection ” from Np =

In the paper [3] an (n;m)— quasigroup is interpreted as a (N;m)— quasigroup
relation.

Definition 1.6. A (n + m)- ary relation Q"™ is called (n; m)- quasigroup
relation if and only if the following statement is satisfied:

The following theorem is proved in [3].

Theorem 1.2. A (n;m)- groupoid (Q; ) is a (N; M) — quasigroup if and
only if the (N +m) — ary relation Q™™ defined by

(X1;%2; 111 Xn+1) 2 5 F(X1;X2; 111 Xn+1) = (Xn+1; Xn+2; 1115 Xn+m)
s an (N; M)— quasigroup relation.

Definition 1.7. A (n; m)- quasigroup is called totally symmetric, if and only if

F(X1;X2;111Xn) = (Xn+15 Xn+2; 100 Xnem) > FY13Y25000Yn) = (Yn+1i Yne2; 1005 Ynem)
for any (X1;X2;:::; Xn+m) 2 Q"™ and any permutation (Y1;Y2;:::;Yn+m) of
(X1;X2;:::;Xm). The (n+m)- ary relation Q"™ in this case is called totally
symmetric.

65



The following theorem is proved in [7].

Theorem 1.3. Every complete weighted projective plane 80(2; n+1n%>+n+1)
defines a totally symmetric (2;n  1)- quasigroup relation VL where

Conversely, any totally symmetric (2;n  1)- quasigroup relation v n+t

2 A construction weighted projective plane of order 11

Theorem 2.1. A Frobenius group G of order 2/ acts on a projective plane P of
order 11 as a colineation group. Using this act the plane P may be constructed.

Proof. Let
G= Lo 12 2 1: — 1

be a Frobenius group of order 24 which acts on a projective plane P of order 11
as a colineation group. The plane P has 112 +11+1 = 133 points and same lines.
From 133 =12 11 + 1 and colineation h 1 acts semiregular on a nonfixed points
follows that h i has 11 orbits of length 12 and one orbit of length 1. We may set
that

are all points of plane P.
From theorem of orbite follows that h i has same orbit structure of lines. We may
set that

— . . 2. 11 . . 2. 11
= D ICH I PR Pl | { P PR PR Pl |
. . 2 0. 11N ... . 1 20 11
(M T TR R DS (UT 4 EE T RS ) |
Where

I P P PR P P PO PR PRl H PO PR SRS PR
II I 2.0 I 11
11,111 , 111 y ey 111

are all lines of plane P.
Let I3 be unique line fixed by h i. We may set that
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Let 11 is a line through 1. It is easy to see that |1 occurs at one point from each
orbits of points. Without a loss of generality, we may set that

Other 11 lines of orbit of lines |1 obtained by acting of ; 2. 3.+ 11 on 4 line
I1. The lines I3 and 11 through 1g. Other 10 lines I2;13;:::; 111 through 1p line
in 10 remaining different h i— orbits of lines in P. If constracted these lines then
the remaining lines of planes P are obtained by acting of ; 2; 3; i 11 on lines
I>;13;:::;111. From statement

i\l K =1; i=23;:::;11; k=0;1;2;3;:::;11

follows n (0]

where 10; 20; 30; 40; 50; 60; 70; 80; 90; 100; 11 are (unneccessary different) numbers from
the set 2;3;:::;11g.

We consider acting the involution  on a set points and set lines of plane P.
The order of involution is even follows involution is elation. From = 1
follows that the point 1g is a center and the line |y is axis of involution . Hence,
involution  fixes 12 lines l1 ;l1;12;13;:::; 111 and 12 points 1; 1g; 20; 30;:::; 110.
From 133 = 2 60 + 13 follows  has 13 orbits of length 1 (13 fixed points)
and 60 orbits of length 2. If we write in a short way (writing only incides

0;1;2;3;:::;11) we may set that
= (0)(1)(2; 11)(3; 10)(4; 9)(5; 8)(6: 7)

where (2,11) denoted that 2 =11 from the same orbit of points, (3,10) denoted
3 =10 from the same orbit of points, (4,9) denoted that 4 =9 from the same
orbit of points, (5,8) denoted that 5 = 8 from the same orbit of points, (6,7)
denoted that 6 =7 from the same orbit of points. From statement

follows that lj, 1=2;3;:::;11 are of type
li = flo;i1;@z; @11, b3; b10; C4; Co; ds; dg; €6; €79

where a;b;c;d;e are pairwise different numbers from the set 2;3;:::;119. We
may set that

I2 = Flo;21; 22; 211, 33; 310; 44; 49; 55, 5; 66, 679
Now we constructed lines lj, i = 3;4;:::;11 which are of type

li = Flo;i1; @; a11; ba; b1o; Ca; Co; ds; dg; €6; €70
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From statement
i\l k =1;, 1i=34;:::;11; k=0;1;2;3;:::;11

follows that only three from numbers i;a;b;c;d;e are from the set 2;3;4;5; 69
and other three are from the set £7;8;9; 10; 11g. From statement

i >\ kK =1; i6];, i;j=34;:::;11; k;s=0;1;2;:::;11

follows that the lines lj and lj, i & J, have exactly three common pairs of numbers
I;a;b;c;d;e. Using these statements for the lines lj, i = 3;4;:::;11 we obtain
following unique solution for the lines:

I3 = F10; 31; 32; 3115 43; 410; 74; 79; 85; 8g; 96; 970

l4 = F1o;41;42; 411; 53; 510; 84; 89; 95; 9s; 106; 1079

Is = F10; 51; 52; 511; 63; 610; 94; 99; 105; 10g; 116; 1179

le = F1o;61;3 + 62; 611; 73; 710; 104; 109; 115; 11g; 26; 279
I7 = F10; 715 72; 711, 83; 810; 114; 119; 25; 2g; 36; 379

Is = T1o;81;82; 811; 93; 910; 24; 29; 35; 3s; 46; 470

lg = F10;91;92; 911; 103; 1010; 34; 3o 4s; 4s; 56; 570

l10 = F1o; 101; 1025 1011; 1155 1140; 54; S9; 65; 68; 76; 779
l11 = F1o; 1145 115; 1141; 23; 210; 64; 69; 75; 7s; 86; 879

The Theorem is proved. a

Let P = (V;B; 2) be projective plane of order 11 constructed in the theorem.
The Wei%hted projective plane P’ = (VO; BO;Z), where V = VO, B'=B L B"
where B" = A2 :A2V isa complete weighted projective plane of order
11. The relation V 11+ defined by

(A A2 Az i A A1) 2 5 TAG AL Ag i A A9 2 B or
A1 =Ax =Az =:11= A = Anr+1;

is a totally symmetric (2;11 1) quasigroup relation satisfuing the condition
(ASAA; 5 AA) = (A1) 2 for all A 2 V. The number of point is jVj =
112 + 11 + 1 = 133, the number of blocks is B’ =112+ 11+ 1+ 133 = 266 and
ta =12+ 12 =24,

3 Conclusion

This paper presents the results obtained by acting a colineation group on a set
points and set lines of plane P which exists. Similar acting of a colineation group
on a set points and set lines of plane P whose question of existence is open, can
be studied.
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Apstrakt
U radu se metodom koraka konstruise rjesenje grani¢nog zadatka

YOO + @ (y(x 1)+ RXy(x  2)= y(X)
y(x 1) 0;x2(0; 4],
y( ) =0;01(x); 02(x) 2 L2[0; ]; 1; 22(0; )

na segmentu [0; ]. Potom konstrui§emo asimptotiku sopstvenih vrijednosti.

1 Uvod

Posmatrajmo diferencijalnu jednacinu

YO0 +qu(y(x D) +eEyx 2= Yy 1 22(0; ) @
Rjesava¢emo jednalinu za X 2 [0; ]. Obzirom da u ovoj diferencijalnoj jednacini
funkcija y uzima razli¢ite vrijednost argumenata, ona predstavlja jednu jednacinu
sa pomjerenim argumentom. Jedan oblik jednacina sa pomjerenim argumentom
je jednacina sa kasnjenjem i jednadina (1) je tog tipa.

Velicine 1; 2 su kasnjenja, a kako ne zavise od X ova jednaCina ima konstantna
kasnjenja. Funkcije q1(X) i g2(X) nazivamo potencijalima i ovdje smatramo po-
znatim. Posmatra¢emo slucaj kada su g1(X) ; 92(X) 2 Lz[0; ]

Jednacini (1) pridruzi¢emo pocetni uslov

y(x 1) 0;x2[0; 1] (2

i grani¢ni uslov

y()=0 (3
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2 Konstrukcija rjeSenja

Ako u jednagini (1) stavimo = z?, dobijamo

yOU) + iy (x 1) + Ry(x  2) = z%y(X) (19

Rjesavanjem jednacine (19 sa grani¢nim uslovom y(0) = 0 metodom varijacije
konstanti dobijamo integralnu jednacinu

ZX
YOz) = sinzxtl mw)sinzix ty(t )i+
0
1ZX
+ Q2(t)sinz(x t)y(ts 2;z)dty (5)
0

Metodom koraka odredi¢emo rjesenje jednacine (5) koje zadovoljava pocetni uslov
(2). Posmatrali smo slu¢aj 2 < 1, a kakosu 1; 22 (0; ) postoje ko;lop 2 N
takvi da je

0< 2<27,<:::<Kkp2 1<(ko+1) 2<:::<2kp o2 21<(2kg+l) r<:::
ii<loko 2 lo1< <(loko+1) 2:
Specijalno, ako stavimo da je lg = kg =2; 2 » = 1 dobijamo:
1. x2(0; 2],akakoje 2< 1iy(X 1) Oslijediy(x 2) 0
pa dobijamo  y(X;z) = sinzx
2. X2 (2, 1],2 2= 1 slijedi

X
YoGz) =sinzx+ 1 gsinz(c ty(t  xi2)dt
2

kada primjenimo prethodni korak dobijemo

Zx
y(X;z) =sinzx + % gz2(ty)sinz(x ti)sinz(ty  2)dt;

Uvedimo sledeée funkcije

7x
b (x;z) =  qi(t)sinz(x t)sinz(ty  )dty
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Zx
b(ki)(x; z) = Qi(ty)sinz(x tl)bﬁ')l(tl ipz)dty; i =1,k=2; i =2,k=2;3;4:

K i
7% ty 1
b4 (x: 7) = g1 (ty)sinz(x 1) Q(tr)sinz(ty 1 t)sinz(tz  )dtdty
1+ 2 2
7% ty 2
bPP(xz) = qt)sinz(x t)  qt)sinz(ts o t)sinz(ty  1)dtadty
1+ 2 1
Zx
b#(x:z) =  qu(ty)sinz(x )Pt 1;z)dty
2,
Zx
b:(32;2;1)()(;Z)= 02(t1)sinz(x tl)bgz;l)(tl 2;2)dty
4
Zx
bg2;1;2)(x;z)= gz2(t1)sinz(x tl)bgl;z)(tl 2;Z)dty
42

Na razmaku ( 1; 1+ 2] rjeSenje Y(X;z) jednacine (5) sa uslovom (2) ima oblik
y(X;z) = sinxz + iXZ bV (x; z) + Zizbgz)(x; 2):
i=1
Dalje,za X2 ( 1+ 2;2 1] =(3 2;4 2] imamo
y(X;z) = sinxz + i)@ bV (x;z) + * Zipb,(f)(x; ) + Ziz[bgl;z)(x; z) + b (x; 2)]:
i=1 p=2

Kona¢no, na razmaku (2 1; ] = (4 2; ] funkcija y(X;z) prima formu:

X x4 1 X2 1 4
y(x;z) = sinxz + % bV (x;z) + Z—pbgz)(x; z) + Z—Zbg')(x; 7)+
1. ey,.,. 12),,,. 1 X (o
+Z—2[b3 (X;z)+bs (x,z)]+z—3 bs 7 (X; 2): (6)

2S3(2;1)
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3 Karakteristi¢na funkcija

Grani¢ni uslov y( ;z) = 0 definige karakteristi¢nu funkciju operatora L gene-
risanog sa (1,2,3), koju oznacavamo sa F. Radi kraceg zapisivanja koristi¢emo
oznake

b (2) = b ( :2); b§P(2) = bV ( ;2):
Tada vazi

X 1 X X1 1 (o .
o 2 (€AY (1,2)
F@=sn 2+ 5 ol@+ P+ b0 P
p= i= p=

1 X
*3 b§ ) (@2): )
2S3(2;1)

Funkcija F je cijela funkcija eksponencijalnog tipa. Poznato je (vidi npr.u [4]) da
se nule z, funkcije F asimptotski ponasaju kao cijeli brojevi.
Koristimo elementarni identitet

. . . 1.
sinz(  t)sinz(ty i t)sinz(t j)=ZSInZ( 2tr + i)+

1 . . .
+Z[sz( 2t +2t+ ) sinz( i j) sinz( 2+ j+ )

Definisimo i funkcije

z Z i
il;J)(Z) = [qi(ty) gj(t)dto]sinz( 2ty + j+ j)dty
1+ 2 j
.= Z tz I
éI'J)(Z) = [qi(tl) gj (tz) sin Z( 2t2 + j i)dtz]dtl
1+ 2 ]
.= Z tz I
0 = [Gi(t1)  gj(t)sinz( 2ty +2t, j+ j)dt]dts; i & j
1+ 2 j
(@)= P i=12 k=123 ®)

Z
al(z)= qi(ty)sinz( 2+ j)dy
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Uvedimo i sledece veli¢ine

- 7 - Z ty i
IV = gidt; 3 = qi()  gi(t)dtdt; i =1;2
i 2 i
B Z tZ i
$ = ety  t)dtdt; i 6] ®
1+ 2 i

Funkcija (7) pomocu (8) i (9) dobija oblik

— i 1% @)
F(z) =sin z+ > [@'(z) J;7cosz( D]+
i=1

8 9
1 =X e (1) x 1;2 2:1 -
e [ o@) Jsinz( 291+ [ P@+ FP@).
" i=1 p=1 p=1 !
X X
47;(32(1'%32(2'1)) sinz( 1 2)+i3 b$ ) (2)+ Zipag) ) (10)
2S3(2;1) p=3

4  Asimptotika nula funkcije F

U ovom radu trazi¢emo asimptotiku nula zp funkcije F u obliku

LG, Co(n), - Ca(n)

Zn=n
n n n2 n2

;(n ¥ 1) (11)

Primjeni¢emo postupak analogan postupku koji se moze vidjeti u npr. [4]. Uko-
liko se ograni¢imo da vazi gi(X) 2 L2[0; ]i = 1;2; u asimptotskim procjenama
koristiéemo klasi¢nu ¢injenicu da se Furijeovi koeficijenti takvih funkcija ponasaju

1 1 1
po zakonu O s ;S>§ili0 %

Koristeci (11) dobijamo

Ci(n) Cz(n)+o Ca(n)

sin zp=( )" . 2 2 12)
1 1 L . 1 o
Zbog — = —+0 — | dovoljno je asimptotiku ¢lanova uz — nadi s ta¢noséu
Zn N n3 Zn

7



1
do koeficijenata uz 0 Otuda dobijamo

€0S Zn( )=( 1" cosn ;+ %sinn 40 Ci](zn)
sinzo( 2i)=( )" tsin2n i +0 ClrEn) (13)
sinza( 1 2)=( D™sinn( 1+ 2)+0 Clrfn)

Definigimo sledece brojne nizove.
Z
a) = gi(t)cosn@ty  )dt i=1,2, n=1;2;::
Z
b = ait)sinn@t, )ty

Z
B0 = yai(ty)sinn@t;  i)dty

Dalje, vazi
£ Ci(n) . Co(n) . Ca(n)
a®@n) = qift)cos n+ "=+ TS0 TS (0 2+ )ty =
:( 1)I”l a.I(]I)_|_ Cl(n)( + i)+C2(n)( + i) b'q) +
n n2
(i) !
1
+( 1)I’1+1 2C1(n) +2C2(n) 62)4_0 bn CZ(n) (14)

n n? n2

Uvedimo i nizove

Z tZ i
D = [gi(t)  gi(tddtlsinn@L 1 2)db

1+ 2 i

78



z Z i

b = [g(t)  gi()sinn@L  j+ idtldt
1+ 2 i

.z Z

D= [gi(t)  g(t)sinn@t 2+ j  dt]dt; n2N;  (15)
1+ 2 j

Tada vaze relacije

@D = ( 1)mIpED + 0

o |
Cy(nb{id
1(3]1‘”  p=123 (16)

Koristedi jednakosti (11), (12), (13), (14) i (15), relacija (10) postaje

n % #
n R .
F(zn) = ;) Cl(n)"'% @®» IPcosn ;) +
i=1
Car' X Cum)( + 1) :
N + ) . .
s Ca(n) + [%bﬂ) C1(nb® DC1(M)IP sinn ;
i=1
8 0 1 9
1n<X2 X3 . o X3 _ . =
(V% @ o, aPsinen A+ [0+ G0
=1 p=1 p=1 ’
Q)] !
n ) _ i
D3 sinn( 1+ gyvo 2D (17)
Odavde slijedi
I
0 )
1 .
Ci(n) = %cosni Z—aﬂ) (18)
i=1
% | . . Ly
Ca(n) = Ll(n)ﬁﬂ)+7'C1(n)\]f')sinni ng) +
i=1
2 3
IRARA - 1 ¢ |
+= 4 O 3Psinzn i5+4— 062 + b(ED]
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1 e
4—(J2(1’2)+J2(2’1))sm n( 1+ ») (19)

Koristedi (18) iz (19) imamo

S| i) - (i IV + i (i) (i
Ca(n) = 53 IPIOsinn jsinn ; +ITBO T’Jf’)bﬂ) cosnj +
i=1 j=1
1 XX o6 RS |
+ b Isin2n i + o 06D+ G
i=1 p=1 p=1
0 1
1;2) 1;2) X2 X2
J +J . ;
%sm n( 1+ )+0 @ a®p,A (20)
i=1 j=1

Primedba 4.1. Posto su potencijali (1; (2 iz prostora L»[0; ], asimptotika nula

+ Cl(n) + Cz(n) +0 Cz(n)
n n2 n2

Zn=n ;(n ¥ 1) (21)
se odlikuje slozenogc¢u koeficijenata C1(n) i Ca(N).

e ey

n ¥ 1 ione sabirke koji ne i§¢ezavaju nego osciluju. Tako npr. u C1(n) sabirak
3 ®
% cosn j osciluje, a ¢lan ZL is¢ezava. Slitno je i kod Ca(n). Izraz

2 3

e o4 L
,= 4 ﬁJl(')Jl(')sinnjsinni 4—J2(')sin2n 0

i=1 j=1

QA + 38Dy sinn( 1 + )

osciluje dok izraz

2 3
5 = 4 52 J?)Gg) 5 IJ:EI)bg) cosnj + T bs]")pS +
i=1 j=1 p=1
0 1
1 X . . xex o
o (@D +pt2)y+0 @ a@p(MA
p=1 i=1 j=1

is¢ezava prin ¥ 1.

Primedba 4.2. Asimptotika tipa (21) sa koeficijentima (18) i (20) ima izuzetan
znacaj u teoriji inverznih zadataka.

80



Literatura

[1]

2]

3]

[4]

1]

[6]

7]

8]

19]

[10]

[11]

[12]

[13]

Na mark M. A., Line nye differencial~nye operatory, Moskva,
Nauka, 1969.

Gel~fand I. M., Levitan B. M., Ob opredelenii differen-
cial~nogo uravneni po ego spektralno funkcii, Izv. AN SSSR,
Ser. mat(1951)T. 15, S. 309-360.

Sadovniq V. A., Teori operatorov, lzdatel~stvo Moskoskogo
universiteta, 1979.

Norkin S. B., Differencial~ nye uravneni vtorogo por dka s
zapazdyva wim argumentom, Moskva, Nauka 1969.

Pikula M., O regul rizovannyh sledah differencial~nogo opera-
tora tipa Xturma-Liuvill s zapazdyva wim argumentom, Diff.
uravneni 1 (1990)103-109.

Pikula M., O regul rizovannyh sledah differencial~ny opera-
torov vysxih por dkov s zapazdyva wim argumentom, Diff. ura-
vneni 6 (1985)956-991.

Pikula M., Asimptotika svojstvenih vrijednosti i regularizovani tragovi li-
nearnih diferencijalnih operatora, doktorska disertacija, Sarajevo 1983.

Lazovic R. and Pikula M., Regularized trace of the operator applied to solving
inverse problems, Radovi Matematicki 11 (2002)

Pavlovi¢ N., Asimptotika svojstvenih vrijednosti linearne diferencijalne
jednacine sa kasnjenjem, Zbornik radova sa nau¢nog skupa, Nauka i nastava
na univerzitetu, Pale, 17-18. maj 2008., knjiga 3 tom 2, 591-604.

Pikula M., Markovic O., Nedic D., Computations of first forced regularized
trace Sturm-Liouville operator with homogeneous delay, Paper Proceedings
Buisness-Technical Colleg, Uzice,(2012.), 185-187

Freiling G. and Yurko V, Inverse problems for Sturm-Liouville diferential
operators with a constant delay, Applied Mathematical Letters,(2012).

Pikula M., Vladicic V. and Markovic O., A solution to the inverse problem
for the Sturm-Liouville-type equation with a delay, Filomat 27:7(2013), 1237-
1245

Pikula M., Vladicic V. and Nedic D., Inverse problems for Sturm-Liouville
differentials operators with a homogeneous delay,(accepted for publishing in
Sib. Math. Journal)

81






THE THIRD MATHEMATICAL CONFERENCE OF THE REPUBLIC OF SRPSKA
Trebinje, 7 and 8 June 2013.

On Sets of -type

Dojé¢in S. Petkovié
University of Pristina, Faculty of Science and Mathematics
Mitrovica, Serbia.

dojcin.petkovic@gmail.com

Ivan D. Arandelovi¢
University of Belgrade - Faculty of Mechanical Engineering

iarandjelovic@mas.bg.ac.rs
Original scientific paper

Apstract

S. Kasahara [9], [10] in 1974, considered topological vector spaces over
topological semifield, and introduced the notion of -paranormed spaces.
O. Hadzi¢ [3], [4] introduced the notion of sets of -type, and proved admis-
sibility (in seance of V. Klee [11], [12]) of such sets. Sets of Zima’s type were
introduced by K. Zima [15] (for metric linear spaces) and O. Hadzi¢ [5] (for
arbitrary Hausdorfl topological vector spaces).

In this talk (paper) we shall prove that each set of -type is set of Zima’s
type, which implies that every the subset of -type can be affinely embedded
in a Hausdorff locally convex linear space.

1 Introduction

There are many approach to the theory of uniform spaces which are obtained by
Tychonov, Kurepa, Weil, Efremovich, and many others. One of them is introduced
by M. Ja. Antonovskii, V. G. Boltjanskii and T. A. Sarymsakov in 1960. They
considered uniform spaces as "metric spaces" in which distance between points
belongs to some topological semifield.

S. Kasahara [9], [10] in 1974, considered topological vector spaces over topo-
logical semifield, and introduced the notion of -paranormed spaces. In [1]| L
Arandelovi¢ and M. Rajovi¢ proved that topological vector space are -paranorm-
able if and only if it is product of locally bounded spaces.

Kasahara’s approach was applied in papers of O. Hadzi¢ [3], [4], O. Hadzi¢
and Lj. Gaji¢ [8], Lj. Gaji¢ [2] and S. Nesi¢ [13], [14], in which were given some
results in fixed point theory and related topics of nonlinear analysis.

O. Hadzi¢ [3], [4] introduced the notion of sets of -type, and proved admis-
sibility (in seance of V. Klee [11], [12]) of such sets.

Sets of Zima’s type were introduced by K. Zima [15] (for metric linear spaces)
and O. Hadzi¢ [5| (for arbitrary Hausdorff topological vector spaces). For its
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applications in nonlinear analysis see monograph [6]. H. Weber [14]| proved that
such set can be affinely embedded in a Hausdorff locally convex linear space.

In this talk (paper) we shall prove that each set of -type is set of Zima’s
type, which implies that every the subset of -type can be affinely embedded in
a Hausdorff locally convex linear space.

2 Preliminary Notes

By R we shall denote the set of all real numbers. Further, let X be a Hausdorff
topological vector space. Then there exists nonempty set  and family of metric
linear spaces fXjgi2 (see Klee [10]) such that

Y
X = X;i:
i2

We shall denote by R the set of all mappings from  into R with Tychonoff
product topology and operations + and scalar multiplication as usual. If f;g 2 R
we shall say that f g if and only if F(t) g(t) foreacht2 . By P we shall
denote the cone of nonnegative elements in R . For ¢ = (gi)iz 2 R we define
the i projection as:

pi(Q) = ai:
The triplet (X;K:]; )isa -paranormed space if and only if X is the Hausdorff
topological vector space, ki]: X ¥ P . is a linear, positive mapping from R

into R such that the following conditions are satisfied:

1) kx] = 0 if and only if X = 0;

2) ktx] = jtjkx];

3) kx+y]  (kx] +ky]).
Then for mapping k:] is said to be  paranorm.

Let (X;k:]; ) bea -paranormed space. Then K X is set of -type if and
@ﬂy if for every N 2 N, every X1;:::;Xp 2 K K and every 1;:::; pn such that

i =1 we have:

X0 X0
k iXi i (kxi):
i=1 i=1

Let X;Y be topological spaces and T : X ¥ Y. T is compact if it is continuous
an F(X) is a compact set. Let E be a topological vector space and g : X ¥ Y be
a single-valued function. A function f : X ¥ E is finite if it is compact and T(X)
is a subset of some finite dimensional subspace of E. A subset K  E is said to be
admassible if for every compact subset A K and every U open neighborhoods
of zero in E there exists a finite function h : A ¥ K so that h(xX) x 2 U for
each X 2 A.

Let E be a topological vector space, U be a fundamental family of open neigh-
borhoods of zero in E and K E: We say that the set K ig of Zima’s type if and
only if for every V 2 U there exists U 2 U such that co(U (K K)) V:
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3 Results

Now we need the following Lemma.
Lemma 3.1. Let (X;K]; ) be a -paranormed space. Then
kx]  (kx]);

for any x 2 X.

Proof: For any X 2 X we have
X X X X X
kx]=k3 +351  kl+ksD) = (kgD = (kx]):

¥

Now we present our main result.

Theorem 3.1. Let (X;Kk:]; ) be a -paranormed space and K X. If K is set
of -type then it is set of Zima’s type.

Proof: Let U be a fundamental family of open neighborhoods of zero in X and
V 2 U. Kasahara [8],[9] proved that there exists real number > 0 and an
indecomposable idempotent 2 P such that set

x 2 X : k] "g
is nonempty open subset of V. Let
U=tx2X: (kx]) "
By Lemma 3:1 we get that
U x2X:kx] "

So we get that U is open subset of V because is continuous and linear, which
implies that U is open neighborhoods of zero.

Let X1;:::;Xn 2 (K K)\V. For arbitrary real numbers 1;:::; n 2[0;1]
such that i =1 we have:
i=1
X0 X0
k iXi] i (kxil):
i=1 i=1

(kx])
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forany 1 i n which implies
K iXi] i (k) "
So we get that

i=1
T
which implies co(lU (K K)) V.
¥

H. Weber [14] proved that set of Zima’s type can be affinely embedded in a
Hausdorff locally convex linear space. So we obtain:

Corollary 3.1. Let (X;k:]; ) be a -paranormed space and K X. If K is
set of -type then it can be affinely embedded in a Hausdorff locally convex linear
space.

O. Hadzi¢, [5] proved that set of Zima’s type is admissible. So we obtain:

Corollary 3.2. (O. Hadzi¢ [3], [4]) Let OK;K:]; ) be a  -paranormed space and
K X. If K is set of -type then it is admissible.

Acknowledgement. The second author was partially supported by Ministry
of Education and Science Grant, No. 174002, Serbia.
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Abstract

Using the the concept of the total Kurzweil-Henstock integral we shall try
to show that functions, which can take not only finite but infinite values in
the interval ( ; ), can be expanded into a Fourier series over this interval.

1 Introduction

As is well-known to all of us, significant progress in Fourier analysis has gone
hand in hand with progress in theories of integration, 3, 9]. Perhaps this can
be best exemplified by using the so-called total value of the generalized Riemann
integrals introduced by Saric in his works [4, 5, 6, 7]. This brand new theory
of integration, which takes the notion of residues of real valued functions into
account, gives us the opportunity to integrate real valued functions that was not
integrable in any of the known integration methods until now. Accordingly, in
the main part of this paper, we shall see that real-valued functions, with infinite
discontinuities within the interval ( ; ), can be expanded into a Fourier series
over [ ; ]

2 Preliminaries

The Lebesgue measure in the set of all real numbers R is denoted by , however, for
E R we write JEj instead of (E). By N we denote the set of natural numbers.
Given a compact interval [ ; ]let the collection 1 ([ ; ]) be a family of all
compact subintervals | of [ ; ]. Any real valued function definedon I ([ ; ])
is an interval function. For ¥ :[ ; ]® R the associated interval function of
is an interval function ¥ : 1 ([ ; ]) @ R, again denoted by f, [8]. A partition
P[ ; Jof[ ; ]is a finite set of interval-point pairs ([aj;bi]; Xi), i = 1;::5; |
such that the subintervals [aj; bj] are non-overlapping ((aj; bi) \(aj;bj) = ; for i &
J, where (aj; bj) are the interiors of [aj; bi]), [i  [ai;bil =[ ; ]and X; 2 [a;; bi].
The points fX;jg; are the tagsof P[ ; ], |1, 2|. If E is a subset of [ ; ],
then the restriction of P[ ; ] to E is a finite subset of ([aj;bi]; X)) 2P [ ; ]
such that each pair of sets [aj;hi] and E intersects in at least one point. In
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symbols, P[ ; 1je = f([ai;bi];xi) 2P [ ; lilai;bhi] \E & ;0. It is evident
that a given partitionof [ ; ]can be tagged in infinitely many ways by choosing
different points as tags. Given :[ ; ] M R4, named a gauge, a partition
P[ ; liscalled -fineif[aj;hi] (X Xi);Xi+ (Xi)). Let P[ ; ]bethe
family of all partitions P[ ; Jof [ ; ] Then, by P [ ; ] we denote the
family of all -fine partitions P[ ; Jof[ ; ]forsomegiven :[ ; ]7® R4.
In what follows we will use the following notatiog: F({)=F () F (u),where
u and Vv are the endpoints of 1 2 1'([ ; 1), ; F(ai;bi) = FP[ ;D
and ;F(Xi)jlai;bili =@F X)(P[ ; 1), whenever ([ai;bi];xi) 2P[ ; ]. In
dition, if t 2 (0; )and (I;t) is an interval function associated to  (X;t), then
il ([aishil;t) F(laihi)  xiOjlaishkill=( F X(P[ ; 1D.

The following two definitions come from |2].

Definition 2.1. A function ¥ : [ ; ] ® R is said to be Kurzweil-Henstock
integrable to a real number Aon[ ; ]iffor every " > 0 there exists a gauge on
[ ; ]such that j(f Xﬁ(P [ ;D Aj<" whenever P[ ; ]2P [ ;]
In symbols, A = KH f.

Definition 2.2. Let :I1[ ; ]7® R be an arbitrary interval function. Then,
a function g : [ ; ] ® R is the limit of on E [ ; ], if for every " >0
there exists a gauge on [ ; ]such that j ([ai;bi]) 9(Xi)] < ", whenever
(lai;bil; x)2P[ ; ljge andP[ ; J2P [ ; 1

For a primitive F : [ ; 17 R, the derivative f could be defined as the limit
of the interval function :1[ ; ]7® R defined by

_ _FMH_ F
M= —y=— M. (1)
where X (1) = jlj. In this case, according to Definition 2, given " > 0 there exists
a gauge on [ ; ]suchthatj F([ai;bi]) Fi) x([ai;hiDi " x([ai;bi]),

whenever ([aj;bi];%i) 2 P[ ; ljge and P[ ; 12 P [ ; ] Accordingly,
if E [ ;] more precisely if F : [ ; ] @ R is a function that is not
differentiable on [ ; ], then for a given " > 0 in the set

K =F(; 1) :x2[ ; ]isinside l and j F ()] "jljg
we isolate two subsets:
K =f(x;1):x2[ ; ]isinside I and "jlj j F (1)j <"g and
K =F(1):x2[ ; Jisinside land j F(1)j "g.

Definition 2.3. Let F :[ ; ]® R. Theset (vss)[ ; ]=fx2[ ; ]:for
every " > 0 there exists a -fine (X;1) 2 X g is said to be the set of seeming
singular points of F on [ ; ].
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Definition 2.4. Let F : [ ; ]® R. Theset (v§)[ ; ]=fx2[ ; ]:for
every " > 0 there exists a -fine (X;1) 2 Kt g is said to be the set of singular
pointsof F on [ ; ]

When working with functions, which have a finite number of discontinuities
on [ ; ], it does not really matter, from the point of view of totalization of
the Kurzweil-Henstock integral, how these functions will be defined on the set E
of discontinuities. Hence, we adopt the convention that such functions are equal
to 0 at all points at which they can take values 2 or not be defined at all.
Accordingly, we may define point functions Fex :[ ; ]® Rand fex:[ ; ] A
R by extending F and its derivative ¥ from [ ; ]nE to E by Fex (X) = 0 and
Tex (X) = 0 for x 2 E, so that

F(XX),ifx2[ ; ]InE

Fex (X) = 0 ifx2E and (2)
f(xX),ifx2 7 InE
0= 0 o

The following two definitions come from [5].

Definition 2.5. Tet : 1[ ; ] ® R be an arbitrary interval function and
for F:[ ;1™ Rlet :I[ ; ]7® R be an interval function defined by
(1), that converge, according to Definition 2, to g (X) and f (X), respectively,
almost everywhere on [ ; ]. A point function g (X) is totally Kurzweil-Henstock
integrable, with respect to the differential form dF (X) = f (X) dX, to a real point
Fon[ ; ] iffor every " > 0 there exists a gauge on [ ; ]such that

ic B®L D) Fi<" . (3)
whenever P[ ; ]2P [ ; ] Insymbols, F:=KH vt gdF.

Remark 2.1. In case, any of the point functions g and f above is the limit of
the corresponding interval function on [ ; ], then in the previous definition (3)
can be replaced by

i@ BPL D Fi<"orj( f ®[ ;D Fi<",

respectively.
Definition 2.6. Let F : [ ; ] ® Rand E ( ; ) be a set of Lebesque
measure zero such that E = (vS)[ ; ]. The linear differential form dF (x) =

f (X)dx, as the limit of F({)on[ ; ], where I 2 1'([ ; 1), is said to be
basically summable (BS ) to a real number < on E if for every " > 0 there exists
a gauge on[ ; ]such that

ICF fox P[5 JiE) <i<",

whenever P[ ; ]2 P [ ; ] If in addition E can be written as a countable
union of sets on each of which the linear differentia&, form T (X)dx is BS , then
T (X) dx is said to be BSG on E. In symbols, <:=  ,g f(X)dx.
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3 Main results

It is an olg result (see [9]) that if :[ ; 1™ R is a point function defined by
)= o2 kG + (X )22, where k(x;t) =sin[k(x 1)]=k, for every
fixed t 2 (0; ), then the dispersion of function values on [ ; ]is as follows

8
< 5, ifx2[ ;1)

x;t) = 0,ifx=t . (4)
' 5, if X2 (t; ]

Let :1( ; D™ R be the associated interval function of . If121( ; ])
and (I;t)= (v;t) (u; t), where U and Vv are the endpoints of I, then

8
%1 | < Jif t2intl
(Y = k(l;1) + 2 =, 5,if tis the endpoint of I , (5)
k=1 ' 0,ift21

where k(1;t) = k(v;t) k(u;t). In addition, let E ~ ( ; ) be a set of
Lebesgue measure zero at whose points an arbitrary point function F, defined
and differentiable to f on [ ; ]nE, can take values 2L or not be defined at all
and t 2 E. If we introduce into the analysis the interval function (I;t) Fex(l),
as the product of the two interval functions (I;t) defind by (5) and  Fex(l),
whenever | 2 1 ([ ; ), then, according to Definition 5,

Z x]_ 1
KH vt [ Gt + oI (dx= F(0), (6)
k=1

where Gk (X;t) = cos[k (X 1)] is the limit of K(I;t)= X (I), since F (t) is the
limit of the interval function (1) = ( Fex= X) (I) at the point t and therefore
for every " = 0 there exists a gauge on [ ; ]such that

IC «d®L 2 1Y FOI= J ex(aihil) FOI< 7 (7)

whenever P[ ; ]2P [ ; ], where[aj; bj]; are the subintervals [a;; bj] to which
the point t belongs. )

On the other halgd, considering the fact that P-kkill k(l;t) converges on
[ litfollowsthat w25( k= X)(PL 5 i =( w2 &= NP 5 L),
forevery P[ ; 12P[ ; ] Hence, (6) becomes the Fourier series of T at the
point t, as follows

1 X z 1 z
-~ KH vt Gk (;t) F (x)dx + Z—KH vt f)dx=Ff(@®). (8)
k=1

The following theorem give us the opportunity to compute the Fourier co-
efficients for a function that can take not only finite but infinite values within
[ ; 1, using the Kurzweil-Henstock integral.
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Theorem 3.1. For[ ; 12RletE ( ;) be a set of Lebesque measure zero
at whose points a primitive F that is defined and differentiable on [ ; ]nE and
its derivative T can take values L or not be defined at all. If Gy (X;0)dF (X) =
Gk (X;0) T (X) dx, as the limit of the point-interval function Gk (X;0) Fex (1) on
[ 5 1, where 1 2 V([ ; D, is basically summable (BS) on E to the sum
<k and G (X;0) fex (X) is Kurzweil-Henstock integrable to a real number Ax on

[ ;1 for each k 2 N, then
z Z

KH vt Gk (X;0) T (X)dx = KH Gk (X 0) fex (X)dX + <k, (9)

for each kK 2 N.

Proof. Let Fex and fex be defined by (2). Since the point function Gk (X; 0) fex (X)
is Kurzweil-Henstock integrable to a real number A on[ ; ]and Gk (X;0) dF (x)
is (BS ) on E to <, for each k 2 N, it follows from Definitions 2 and 6 that for
every " > 0 there exist a gauge 1 on[ ; ]such that

i(Gfex X)(P[ 5 1500 Ad<",
whenever P[ ; 12P [ ; ],and a gauge 2on[ ; ]such that
J(Gk Fex Gkfex X)(P[ ; 1ljg:0) <ui<",

whenever P[ ; 12P,[ ; ] Inaddition, fex (X) 0on E and Gk (X; 0) dF (x)
is the limit of Gk (X;0) F(l1)on[ ; ]nE, that means that for every " > 0 there
exists a gauge zon [ ; ]such that

Gk F Gf X)(P[ ; InP[ ; lje;0)j 2",

whenever P[ ; ]2 P,[ ; ]. Agauge on[ ; ] may be chosen so that
) =min( 1 (X); 2(X); 3(X)). Hence, for every " > 0 there exists a gauge
on[ ; ]such that
Gk Fed(PL 5 1:0) Ak <ui J(Gkfex X)(P[ : 1:0) Axj+

+j(Gk Fex Gkfex X)(P[ ; 1;0) <ii,
that is,

J(Gk Fex Gkfex X)(P[ ;5 1;0) <ij

G F Gt x)(P[ ;5 InP[ ; lie;0)j+

+Jj(Gk Fex Gifex X)(P[ ; lig;0) <d @ +1)7

whenever P[ ; 12 P [ ; ], so that given ™ > 0 there exists a gauge
on[ ; ]such that (Gk Fex)(P[ ;1) Ax <«ij 21+ )", whenever

P[ ; ]12P [ ; ] Therefore,
Z z

KH vt Gk (x;0)f (x)dx = KH Gk (X; 0) Fex (X) dX + <.
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Let H (X) be the so-called Heaviside (unit) step function. It is easy to see that
dH (X) = (X)dx, where (X) is the Dirac delta function that is zero everywhere
except at zero, is the limit of the interval function H (1), associated to H (X),
on[ ; ]nEp, where Eg = f0g. Since for every " > 0 there exists a gauge on
[ Isuchthatj H(P[ ; ) 1j<"andj(Gck H)(P[ ; ]:0) 1j<",
whenever P[ ; ]2P [ ; ]and k2 N, it follows from Definition 5 that

Z

KH vt Gk (X;0)dH (x) =1, (10)

for each k 2 Ng, where Ng = N [ f0g. R

By Theorem 1 and Definition 6, we see that KH Gk (X;0) ex(x)dx O,
for each k 2 Ng, since Gk (X;0) dH (X) are basically summable (BS ) to 1 on Ey,
for each k 2 Np. Finally, it follows from (8) that

X1 1
G ON+I= (O, (1)
k=1

P
at every point t elonging to the set [ ; InEo. This confirms that 'kF:ll Gk (x; 1)
is the limit of ;:ll k(l; )= x(1) on [ ; ]nEt, where Ey = ftg and t 2

( ;). In addition, for any real-valued periodic function f (X) of period 2 |,
which is defined at a point t 2 ( ; ), it follows that
z
f()=KH vt x tHf(x)dx= (12)
Z X1 1 X1 YA
=KH vt [ Gk(xt)+ E]f (xX)dx = KH vt Gk (x; 1) T (X) dx+
k=1 k=1
1 z
+§KH vt T (X) dx.

References

[1] R. G. Bartle, A Modern Theory of Integration, Graduate Studies in Math.,
Vol. 32, AMS, Providence, 2001.

[2] R. A. Gordon, The Integrals of Lebesque, Denjoy, Perron and Henstock, Grad-
uate Studies in Math., Vol. 4, AMS, Providence, 1994.

[3] J. Marcinkiewicz and A. Zygmund, Two theorems on trigonometrical series,
Rec. Math. [Mat. Sbornik| N.S., Vol. 2 (44), No 4, (1937), 733-737.

[4] B. Sari¢, The Fourier series of one class of functions with discontinuities,
Doctoral dissertation defended on 20th of October 2009. at the University of
Novi Sad, Faculty of Science, Department of Mathematics and Informathics.

94



[5] B. Sari¢, Cauchy’s residue theorem for a class of real valued functions, Czech.
Math. J. Vol. 60, No.4, (2010), 1043-1048

[6] B. Sari¢, On totalization of the Henstock- Kurzweil integral in the multidimen-
sional space, Czech. Math. J., Vol. 61, No. 4, (2011), pp. 1017-1022.

[7] B. Sari¢, On totalization of the Hi-integral, Taiw. J. Math., Vol. 15, No. 4,
(2011), 1691-1700.

[8] V. Sinha and I. K. Rana, On the continuity of associated interval functions,
Real Analysis Exchange Vol. 29(2) (2003/2004), 979-981.

[9] A. Zygmund, Trigonometric series, University Press, Cambridge, 2003.

95






THIRD MATHEMATICAL CONFERENCE OF THE REPUBLIC OF SRPSKA

Trebinje, 7 and 8 June 2013

Dispersion under Iteration of Transformations in Some

Classes of Discrete Time Dynamical Systems

Berina Fatki¢
University of Sarajevo

bfatkic@yahoo.com

Jasmina Fatkié
University of Sarajevo

noviimidz@yahoo.com

Alem Colakovi¢
University of Sarajevo

alem.colakovic@gmail.com

Huse Fatki¢

University of Sarajevo
hfatkic@Qetf.unsa.ba

Original scientific paper

Abstract

In the present paper we study some metric properties and dispersive
effects of weakly mixing (WM) measure-preserving transformations on gen-
eral metric spaces endowed with a probability measure; in particular, we
investigate connections of WM discrete time dynamical systems with the
theory of probabilistic metric spaces. Further, continuing the work begun
by B. Schweizer and A. Sklar [Z. Wahrsch. Verw. Geb. 26 (1973), 235 —
239|, in [Huse Fatki¢, Slobodan Sekulovi¢, and Hana Fatki¢, Probabilistic
metric spaces determined by weakly mixing transformations, Proceedings of
the 2nd Mathematical Conference of Republic of Srpska - Section of Applied
Mathematics (2012), 195-208] is proven that if (S;d) is a separable metric
space endowed with a probability measure P and if T is a transformation
on S that is weakly mixing with respect to P, then for any X > 0 and al-
most all pairs of points (p;q) in S?, there is a distribution function F such
that the average number of times in first (N 1) iterations of T that the
distance between points T"(p) and T"(q) is less than X converges to F(X)
as N go to infinite. The collection of these distribution functions is almost
an equilateral probabilistic pseudometric space and the transformation T
is (probabilistic-) distance-preserving on this space. We apply this result
to establish several facts, e.g. the fact that under iteration of WM trans-
formation T, K-tuples of distinct distances d(p;q) behave asymptotically as
independent, identically distributed random variables.
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1 Introduction and preliminaries

In this work we shall study actions of the group Z of integers on a probability
space X , i.e., we study a transformation T : X ¥ X and its iterates T";n 2 Z.

Specifically, we shall investigate some metric properties and dispersive effects
of weakly mixing (WM) transformations on general metric spaces endowed with
a probability measure; in particular, we shall study connections of WM discrete
time dynamical systems with the theory of probabilistic metric (PM) spaces. We
shall generally refer to Billingsley [1]|, Cornfeld, Fomin and Sinai [3|, Fatkié¢ [6],
Hille [14], Schweizer and Sklar [21] and Walters [24].

Suppose (X; A;P) is a probability space. As usual, a transformation T : X ¥
X is called:

(i) measurable (P - measurable) if, for any A in A, the inverse image T 1(A)
isin A;

(ii) measure-preserving if T is measurable and P (T 1(A)) = P (A) for any A
in A (or, equivalently, measure P is said to be invariant under T);

(iii) ergodic if the only members A of A with T 1(A) = A satisfy P(A) =0
or P(XnA)=0;

(iv) weakly mizing (or weak-mizing) (with respect to P)if T is P - measurable

and
X 1

.1 . i .
nIlllm - iP(T '(A)\B) P(APB)j=0
' i=0
for any two P- measurable subsets A; B of X.
(v) strongly mizing (or mizing, strong-mizing) (with respect to P) if T is P -
measurable and

lim P(T "(A)\ B) = P(A)P(B) (1)

for any two P- measurable subsets A; B of X.

We say that the transformation T : X ¥ X is invertible if T is one-to-one
(monic) and such that T(A) is P - measurable whenever A is P - measurable
subset of X.

A transformation T on a probability space (X;A; ) is said to be measurability
- preserving if T(A) A (ie., if T(A) is P - measurable whenever A is P -
measurable. In this case we also say that the transformation T preserves P -
measurability.

If (X;A;P) is a probability space, and T : X ¥ X is a measure-preserving
transformation (with respect to P), then we say that = (X;A;P;T) is an
abstract dynamical system. An abstract dynamical system is often called a dy-
namical system with discrete time or a measure-theoretic dynamical system or an
endomorphism. We shall say that the abstract dynamical system is: (i) in-
vertible if T is invertible; (ii) ergodic if T is ergodic; (iii) weakly (resp. strongly)
mizing if T is weakly (resp. strongly) mixing (see [2, pp. 6 - 26]).

2010 : 60B05, 28A10, 54E35.
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If T is a strongly mixing transformation of a probability space (X;A;P),
then, as is well-known, T is both measure-preserving and ergodic. Furthermore,
if T : X B X, in addition (to being strongly mixing on X with respect to P), is
invertible, then (1.1) is equivalent to (the well- known result):

lim P(T"(A)\ B) = P(A)P (B) (2)

for any - measurable subsets A; B of X.

In this work we consider a metric space/( extended metric spaces, i.e., if we
allow d to take values in [0; 1] (the nonnegative lower reals) instead of just in
[0; 1), then we get extended metric spaces) (X;d) on which a probability measure
P is defined. The domain of P, a - algebra A of subsets of X | is assumed to
include all Borel sets in (X;d); in particular, therefore, all open balls in (X;d)
are P - measurable (see [10]).

The (ordinary) diameter of a subset A of X | i.e., the supremum of the set
fd(x;y)ix;y 2 Ag, will be denoted by diam(A). We can define the diameter of
the empty set (the case A = ?) as 0 or 1, as we like. But, like many other
authors, we prefer to treat the empty set as a special case, assigning it a diameter
equal to 0, i.e., diam(?) = 0, which corresponds to taking the codomain of d to
be the set of all nonnegative real numbers (if the distance function d is viewed
here as having codomain R, this implies that diam (?) = 1) (see [10]). We
call P nonsingular if there exist two open balls K1; Ky, and a positive number
Xp such that P(K3) > 0;P(K3) > 0, and d(w1;w) > 0 for all wy in Kq;wy in
Ky. We call P pervasive if P(K) > 0 for all open balls K in X. Note that any
pervasive measure is nonsingular if X has more than one point.

If A is P-measurable, then the (ordinary) essential diameter of A, denoted by
ess diam (A), is the infimum of the set of diameters of all P-measurable sets B
such that B A and P(B) = P (A).

Let (X;d) be a metric space/(extended metric space), and let A be a subset
of X. For any positive integer K 2, we define the the geometric diameter of
order K of A (kth diametgr of A), denoted by k(A), to be the quéantity

< S \TI =
k(A) :=sup 2 dXi;Xj) j XXk 2 A, (3)
' 1 i<j k

Note that 2(A) is the (ordinary) diameter of the set A. The sequence ( k(A))
can be shown to be decreasing (see, e.g., [14] and [19]), and therefore has a limit
as K tends to infinity. By definition, the (geometric) transfinite diameter of A is

(A) = lim w(A): (4)

Note that 0 (A)  k(A) diam(A), and that B A implies (B) (A).

Example 1.1. [19, p. 167] Let A be the closed unit disk (or the unit circle).
Then o
KA) =Tk (A) =1
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Example 1.2. [19, p. 169] The closed set fOg[f1=k : k = 1;2;:::g has transfinite
diameter zero.

If A is -measurable subset of X, then, for any positive integer K 2, the
essential geometric diameter of order K of A, denoted by ess k(A) , is the infimum

of the set of geometric diameters of all -measurable sets B such that B A and
(B)= (A), ie,

ess k(A) :=inff ((B)jB is - measurable;B A; (B) = (A)g: (5)

The general theory of geometric diameters and transfinite diameters plays an
important role in complex analysis. It is related to the logarithmic potential
theory with applications to approximation theory and the Cebysev constant (see,
e.g., [19]).

Investigations in [3 - 12], [18], [21] and [22] have shown, however, that many
important consequences of (1.2) persist in the absence of invertibility and/or the
strongly mixing property.

Many problems in mathematical analysis can be dealt with within the frame-
work of metric spaces (see [10]). This very fact compelled mathematicians to
introduce the spaces as general as topological spaces as well as the spaces such as,
probabilistic metric spaces and eve probabilistic information spaces (probabilistic
topological spaces, intuitionistic fuzzy (quasi-) metric spaces, quasi-fuzzy topolog-
ical spaces etc.). In that respect, in 1942 K. Menger [16] proposed probabilis-
tic/statistical generalization of the theory of metric spaces. Specifically, he pro-
posed replacing the number d(p; q) (the distance between p and g, elements/points
of a nonempty set X) by a real-value function Fpq whose value Fpq(X), for any
real number X, is interpreted as the probability that the distance between p is
less than X. From it follows that Fpq (for all p;q in X) is probability distribution
function.

For the sake of convenience, we recall some of the basic concepts related to
the theory of probabilistic metric spaces (for further details, see |6, 10, 12, 21]).

Definition 1.1. A real function F defined on the extended real line R :=
[ A;+1]is called a distribution function briefly, a d.f.) if it is nondecreasing
and satisfies F( 1) =0, F(+1)=1.

The set of all d.f.’s that are left-continuous on the unextended real line R :=
( A;+1)is denoted by and the subset of all F’s in  satisfying F(0) = 0 is
denoted by T (the set of distance functions). Let D be the subclass of  formed
by all functions F 2 such that limy1 F(X) =0and limy; F(X) =1 The
subset of all F’s in D satisfying F(0) = 0 is denoted by D™.

Thesets , *,DandD™ are partially ordered by the usual pointwise partial
ordering of functions.

Definition 1.2. For any ain R, "4, the unit step at @, is the function in  given
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by 8
< 0 1 x a
"a(X) = for 1 a<+1 (6)
B a<x +1;

" 0; 1 x<+1;
1= x=+1- (7)

Note that "4  "p if and only if b a; that "1 is the minimal element of
both and *;and that ™7 isthe maximal element of , and "o the maximal
element of .

Definition 1.3. A triangle function is a binary operation on ¥ that is commu-
tative, associative, nondecreasing in each place, and has "¢ as an identity element.

Continuity of a triangle function means uniform continuity with respect to the
natural product topology on ¥ Typical (continuous) triangle functions are
convolution and the operations T, which are given by 1 (F; G)(X) = supfT (F (u),
G(V))ju+v =xg, for all F;Gin * and all Xx 2 R. Here, T is a continuous t -
norm, i.e., a continuous binary operation on [0, 1] that is commutative, associative,
nondecreasing in each place, and has 1 as identity.

Example 1.3 (21, pp. 70 - 71). The most important t - norms are the functions
W, Prod and M which are defined, respectively, by

W (a;b) = max {a+b 1;0}, Prod(a;b) = ab, M(a;b) = min{a;b}.
Their corresponding t - conorms are given, respectively, by
W (a;b) = min fa+Db;1g, Prod (a;b) = a+b ab, M (a;b) = max {a;b}.

In the following we shall define some functions, say F, on R and consider
them automatically extended to R by F( 1) =0 and F(1) = 1.

fF; ;i 2 1g is a family of functions in ¥, then the function F : R ¥ [0;1]
defined by

F(X) =supfFi(x):i21g;x 2R,

is the supremum of the family fF; : i 2 Igin theorderset ( *; ) :F =sup;,, Fi.
To define the infimum of the family fF;j : i 2 1g put

(X) = inffFi(x) 112 1g;x 2 R

Since the function is nondecreasing, but not necessarily left continuous on
R, we have to regularize it by taking the left limit

GX) =1 (x):= X|0i|mX x9 = sup Y x2R

xX'<<xX

Then G(X) (X); 8x 2 R, the function G belongs to * and G = infjy; F;j
- the infimum of the family fFj : i 2 1g in the order set ( *; ).
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Definition 1.4. A probabilistic metric (briefly, PM) space is a triple (S,F, ),
where S is a nonempty set, 1is a triangle function, and F is a mapping from S S
into " such that, if Fpq denotes the value of F at the pair (p;q), the following
conditions hold for all p;q;r in S:

(PMla) Fpq = "0;

(PM1b) Fpq & "o if p & (;

(PM2) Fpq = Fop;

(PM3) Fpr ~ (Fpq; Far)-

If (PM1a), (PM2) and (PM3) are satisfied, then (S;F; ) is a probabilistic

pseudometric space.

The mapping F is called the probabilistic metric on S and (PM3) is the prob-
abilistic analogue of the triangle inequality.

Every metric space can be regarded as a special kind of PM space. For if
(S;d) is a metric space, if F :S S ¥ 7 is defined via Fpg = "g(p;q), and is a
triangle function such that ("a;"p) “a+p foralla;b 0—e. g.,if is given by

1(F; G)(X) = supy4y=x T (F(u); G(v)), for all F;G in ¥ and all X in R, where
T is a continuous t - norm — then (S;F; ) is a PM space from which the original
metric space can be immediately recovered.

It is well known that the simplest metric spaces are discrete metric spaces,
and by analogy are defined the simplest probabilistic metric spaces: PSM space
(S; F) is said to be equilateral if there exists (distance) distribution function G,
which is different from step functions "¢ and "1 , such that

Bp;q2S;p6&q) F(p;q) =G:

Although equilateral spaces look trivial, they naturally appear as the spaces gen-
erated by strongly mixing transformations and weakly mixing transformations on
metric spaces.

Let A be a class of PSM spaces and let  be a triangular function. We say
that is universal for A if each PSM space in A is PM space relative to

In the second part of this introductory paragraph we define notions and bring
out the basic facts on a very important, special class of generalized metric spaces,
so called transformation-generated spaces. Such spaces were introduced and stud-
ied from the ergodic theory point of view in |20, 21, 12|. They represent the limits
of PPM spaces, each of is up to isometry the so called E space (see [21, X9.1 and
x11.1; Theorem 11.1.1]) constructed in the following way:

Let (S;d) be a metric space, and let  be transformation on S, i.e. a function
from S into S. The iterates of are defined recursively by:

Ot) =pand "*(p) = ( "(p)) for each p 2 S and for each N 2 Ny.
For brevity, we denote "(p) by "p.

For an arbitrary p 2 S, sequence T "(p)gi_, is trajectory of p under the
transformation
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Further on, for an arbitrary pair of points p;q in S, an arbitrary natural
number N and an arbitrary real number X, let

(P;;x;n) =jf0 m<n:d( Mp; Mq) < xgj;

where jAj denotes the number of elements of a (finite) set A.

Hence, (p;Q;X;n) denotes how many times, in the first N 1 iterations, is
the distance between nth iterations of in p and ¢ less than X.

Let, for n 2 N and (p;q) 2 S?; Fégl) denote a function defined by

1
Fa (. 1) =0; Fid (1) =1 F’00 = = (00;%;)

for each X 2 R. Hence, Fé{f)(n 2 N) are the function for which

1
e (n) — '

1
1 — T . 2 — n " . 1] .
Fp(q) - d(p;q)'Fp(q) - 5( d@a) * "dC p; @))i Pyt = n d¢ mp; ma)
m=0
where, for each fixed t 2 R, "¢ is a unit step function in t. Hence, for an arbitrary

X >0, Fp((T)(X) is the average number of times in the first (N 1) iterations of
that the distance d( "p; "q) is less then X.

Clearly, for every fixed pair (p;q) 2 S? and for every fixed N 2 N ; Fp((? ) is non-
decreasing function, it has minimal value 0 (which takes for every non-positive
value of argument X), has maximum value 1 (which takes for every value of ar-

gument X which is larger of the largest among the numbers "y np; ngy; N =

0;1;:5;n 1), and it is continuous from the left on R. Hence, Fé(?) is probability

distribution function, continuous from the left, and for an arbitrary real number
X, the value Fp((? ) (X) can be interpreted as the probability that distance between
initial segments (size N with respect length), which belong to trajectories of the

points p and ¢, be less than X. Consequently, Fp((T) belongs to  *, and if metric
+

d never takes value 1 then Féc?) belongs to the set
For any n 2 N function F( defined on S S by

n _— =m.
I:(p;q) = Fpg's
satisfies the conditions
F(n) —_ . F(n) — F(n) .

ma ~ 2 Tew (a:p)’

i.e. each of the spaces (S;FM) is probabilistic metric space. It has been proved
in [21, X11.1] that each of the spaces (S; FM) is isometric with E - space, and
therefore (S; F(M) is probabilistic pseudometric space with triangular function .

However, our primary interest is not the sequence f(S; F(™M)g of probabilistic
pseudometric spaces itself, but its limits, which exhibits information about the
sequence of distances fd( "p; "g)g behavior over the asymptotic average. It has
been proved (see [21, p. 176]) that, in weak sense, this limit always exists. Hence,

103



we are interested in asymptotic behavior of the sequences fF((pr%)(X)g, and in that
sense, for each X 2 R, we take

Fpa(x) = lim inf FP (= im (inffFEM :m  ng)) (8)

and
Fpq(9) = lim sup F& (%) (9)

For arbitrary p;q in S, functions Fpq and Fp, are probabilistic distribution
functions such that Fpq(X)  Fpg(X) for each X 2 R. Without loss of generality,
we can assume that these distribution functions are normalized in such a way
that they are continuous from the left on R so from Fpq < Fp, it follows that
Fpq(X) < Fyq(X) not only for some X but for all X from some positive interval with
positive length. We call function Fpq the lower distribution of p and ¢, whereas
Foq is the upper distribution of p and g.

It causes no great difficulty to prove (see |21, x11.1; Theorem 11.1.2]) that
the lower distribution satisfies (one version of Menger’s triangular inequality)
inequality

Fpg(U+V) W (Fpq(u); Fgp(v))
for all real numbers u;Vv (where W(X;y) = max(Xx+y 1;0) for all x;y 2 [0;1]).
It follows that, if F is mapping from S S into the space of distribution functions,
defined by

F(p:a) = Fpg;
for all p;q in S, then the pair (S;F) is probabilistic pseudometric space (with
triangular function ). We call this space probabilistic metric space determined

by transformation (or transformation-generated space, defined by the metric space
(S;d) and transformation ), and we denote it by [S;d; ].

Example 1.4. Strongly mixing transformations exhibit dispersive effects. Thus,
for example, the dispersive character of the functions Cp defined by
X

Cnh = 2cos(n arc COSE); (10)
i.e., Cn = 2Cn(x=2) (where Cp is the standard nth-degree Cebysev polynomial),
is brought out by the fact that if I is a subinterval of [ 2;2] with P¢(1) > 0 (where
Pc is the Lebesgue-Stieltjes Fc measure on [ 2;2] determined by F¢(X) = 1=2 +
(1= ) arc sin(x=2))) if N 2 and m is any integer such that m  (log(2=P.(1))=
logn +2), then C'(1) =[ 2;2]; i.e., the mth image of | is the entire space (see
[21, p.184] and [6]).

A strongly mixing transformation T that is one to one cannot exhibit such
extreme behavior, for in this case T ! is also measure preserving. Nevertheless,
as was shown in [3] and [18], under iteration, all strongly mixing transformations
tend to spread sets out. Indeed any weakly mixing transformation cannot exhibit
such extreme behavior; for as H. Fatkié [5] has shown, we have the following
result:
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Theorem 1.1. |5, Theorem 3|. Let (X;d) be a metric space, let A be a -algebra
of subsets of X and  a normalized (probability) measure on A. Suppose further
that every open ball in (X;d) is -measurable and has positive measure. Let T be
a transformation on X that is weakly mizing with respect to  and suppose that
A is -measurable subset of X with positive measure. Then

lim sup ((T"(A) = k(X); (1)
where  is the geometric diameter of order K given by (1.3).

Note that the hypotheses of Theorem 2.4 are such that ess diam (X) = diam
X).

Theorem 1.4. shows that any set A of positive measure necessarily spreads
out, not only in (ordinary) diameter, but also in geometric diameter of any finite
order. Thus, even though A may not spread out in "volume" (measure), there is
a very definite sense in which A does not remain small.

2 Main results

In this section of the paper we continue work from a previous paper [12], where
is proven that if (S;d) is a separable metric space endowed with a probability
measure P and if T is a transformation on S that is weakly mixing with respect
to P, then for any X > 0 and almost all pairs of points (p;q) in S?, there is a
distribution function F such that the average number of times in first (n 1)
iterations of T that the distance between points T"(p) and T"(q) is less than X
converges to F (X) as n go to infinite. The collection of these distribution functions
is almost an equilateral probabilistic pseudometric space and the transformation
T is (probabilistic-) distance-preserving on this space. In that direction, we have
the following result, which is Theorem 2.1 in [12] and is a substantial improvement
of Theorem 11.3.4 in [21]:

Theorem 2.1. [12, Theorem 2.1|. Let [X;d;T] be a transformation-generated
space. Suppose that the following conditions hold:

(i
(i

(i
1

) The metric space (X;d) is separable.

) There is a probability measure P, defined on -algebra F of subsets of X.
) Every open ball in X belongs to A.

(iv) T : X ¥ X is weakly mizing with respect to P.

Then there is a unique distribution function Gt with the following properties:

(a) Forallx2[ 4;1),
Gt (x) = PP (D(x)); (12)

where P®@ s the product measure on the set X X, while, for any X 2 R,
D(X) denote the set of all pairs (p;q) in X X such that d(p;q) < X.
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(b) There is a subset Ag of X X with P@(Ag) = 1 such that for all (p;q) 2 Ag

the sequence of distribution functions (Fé(?))%zl defined by

1
Fi'( 1) =0 Fg (1) =1 and FP() = = (pig;xin) (x2R); (13)

where

(P;q;x;n) =cardf0 m<n:d( "p; Mg) < xg;
converges to Gt , i.e. for each point X 2 R holds

X
Jim o dmp;Tmg)(X) = Gr(X); (14)
m=0
where, for each fived point t 2 R, "t is a unit step function at t (see (1.6)
and (1.7)).

Technique developed in the proof of this theorem surpasses the needs of this
proof and, it can be successfully employed in further investigations.

We apply this result to establish several facts about the connections of WM
discrete time dynamical systems with the theory of PM spaces, e.g. the fact that
under iteration of weakly mixing transformation T, K-tuples of distinct distances
d(p; q) behave asymptotically as independent, identically distributed random vari-
ables.

The space [X;d; T] in Theorem 2.1 is called the weakly mizing transformation-
generated space determined by the separable metric space (X;d) and the weakly
mixing transformation T and is denoted by [X;d;Tlwm. It follows that under
the hypotheses of Theorem 2.1, the associated weakly mixing transformation-
generated space [X; d; T]is almost an equilateral probabilistic pseudo-metric space.
If the probability measure P is nonsingular, then there exist two open balls Q1; Q2,
and a positive number Xg such that P (Q1) > 0; P (Q2) > 0 and d(qs; q2) > X for
all g1 2 Ql; 02 2 Qz. This yields

Gr(x) 1 PPWQ: Q=1 P(Qi) P(Q)<1 (15)

whence Gt & g and [X;d; T]lwm is an equilateral probabilistic metric space.

Remark 2.1. If P in Theorem 2.1 is pervasive, then we note that Xo in (2.4) can
be taken to by any number less than ess diam (X). Also, it follows that under
the hypotheses of Theorem 2.1, the associated weakly mixing transformation-
generated space [X;d;T] is almost an equilateral probabilistic metric space if,
instead of the conditions that the measure P is nonsingular, assume that there is
an X > 0 such that P @(D(x)) < 1, because then G & ". Note that in this case
Ag (in Theorem 2.1) cannot contain any pair of the form (p;p), whence

P@(f(p;p) : p2 Xg) =0 (16)
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Theorem 2.2. Under hypotheses of Theorem 2.1, for any = 0 there is a subset
A of X X withP@(A ) =1 such that the sequence of -moments (m( )Fp((?)),

1 X1t
o [d(T™(p); T™(@))] ; (17)

m=0

O .=
mt 'Fpy’ =

conwverges for all pairs (p;q) in A . If, in addition, there is an o 2 (0; 1) such
that jXj ° is uniformly integrable in (Fég)) , then for all 2 (0; o] and for all
pairs (p;q) in A \Aqg (where Ag as in Theorem 2.1)

lim mOFE® =mOGr < 1; (18)

where mC)Gy is  -th moment of Gt as in Theorem 2.1.

Proof. For each fixed X 2 [ A;+1]let D(X) be the subset of X X defined by

D(x) = f(p;q) jd(p;q) < xg:

If x 2[ 4;0], then D(X) is empty, therefore automatically P ? (where P @ is the
product measure on the set X X) measurable with P @ (D(x)) = Gt(x) = 0. If
X 2 (0; +11), then it readily follows from the separability of (X;d) that D(X) may
be expressed as a countable union of open Cartesian rectangles of the form A B,
where A is an open ball of small diameter, compared to X, and B is the set of all
points t such that d(t; t% < x for all points t°2 A. Hence D(X) is P ®-measurable.
Now, the P @-measurability of the sets D(X) and the continuity of the metric d
together imply that for any in (0; 1), the function d is P ®-measurable. Since
T is weakly mixing with respect to P, the product transformation T T (defined
on X X by (T T)@p;q) = (T(p); T(q)) is weakly mixing with respect to P @,
Hence T T(= T®) is ergodic on X X and he Birkhoff ergodic theorem can
be applied to the sums in (2.6) to yield that for all 2 (0; o) and for all pairs
(P;q) in A \ Ag the limit in (2.7) exists and is equal to m{ )Gr. a

For any positive integer N, we denote the n-fold product T T T of
a transformations T with itself by T, and the n-fold product of a probability
measure P with itself by P(. Then the next lemma is readily established:
Lemma 2.1. Let (X;A;P) be a probability space. For any positive integer N, let
(X" AM: P pe the probability space in which AW is the product -field A
A A and PM the corresponding product measure. For any transformation
T on X, let T be the n-fold product of T with itself. If T is weakly mizing with
respect to P, then T is weakly mizing with respect to P (™.

Next, using Lemma 2.1 and the techniques developed in the proof of Theorem
2.1, by working with T @ rather than T® we can extend Theorem 2.1 to k-tuples
of pairs of points as follows:
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Theorem 2.3. Under the hypotheses of Theorem 2.1, for any Kk 0 there is a sub-

Ak

lim
n'l

1 X1
o o) DexolT @)™ (P1;q0); 205 (T )™ (pi; qi)]

m=0

=Gr(x1) i Gr(x): (19)

Note that Theorem 2.3 shows, loosely speaking, that under iteration of weakly
mixing transformation T, K-tuples of distinct distances d(p;q) behave asympto-
tically as independent, identically distributed random variables.

Let (X;d) be a metric space with a probability measure P defined on a -
algebra A of subsets of X including the Borel sets, and T : X ¥ X be a transfor-
mation that is measure preserving with respect to P. The -harmonic diameter
(O0O< < ) oforder k(k 2)ofaset A( X) is defined by

8 0 19
< X =

K .
D{ ’(A) :=sup , @ [d(pi;p)]  lipuiinpk2AA T (20)
) 1 i<j k

Note that DS 7(A) = diam (A).

Comparison of (2.9) with (1.3) and (2.8) and the proof of Theorem 3 in [5]
quickly leads to the following conjecture (open problem):
Problem 2.1. Does Theorem 1.1. remain valid when "geometric diameter of
order k" is replaced by " -harmonic diameter of order k"?
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Abstract

We give a new and simple formula for the Hilbert transform on the
Schwartz space S(R). Using this result we obtain a simple formula for the
Hilbert transform on the spaces LP(R), 1 < p < 1. At the end of this paper,
we give a result "stronger" than the previously obtained one for the Hilbert
transform on a Hilbert space.

1 Introduction

The Hilbert’s result for the Hilbert transform on the space L?(R) is well-known. In
|8] we have studied the Hilbert transform on some Banach spaces. Particularly, in
[8] we have obtained the following result (Theorem 1.1) for the Hilbert transform
on a Hilbert space.

If H is a Hilbert space, fU (t)g;, is a strongly continuous group of isometries
in B(H), then the infinitesimal generator A of the group fU (t)g,, g can be written
as A=i(B+ B ), where B4+ and B are positive hermitian operators such
that B, B =B B4+ =0 on D(A):

Theorem 1.1. (proved in [8]) Let H be a Hilbert space and let TU (t)g, g be a
strongly continuous group of isometries in B(H) with the infinitesimal generator

A. If 0 is not an eigenvalue of the operator A%, then the Hilbert transform H is
defined on the whole H and

Hx=1i(E+x E X); forallx2H;

where the orthogonal projections from the space H onto the closed linear hull of

H spanned by R(B ) is denoted by E
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Theorem 1.1 is the generalization of the Hilbert’s result for the Hilbert trans-
form on the space L%(R):

Theorem 1.1 is valid on any Hilbert space (not only on L?(R));

in Theorem 1.1, fU (t)g,,r is any group of isometries (not only the group
of translations).

Furthermore, the representation formula for the Hilbert transform in Theorem
1.1. is simple.
In this paper we give a new and simple representation formula for the Hilbert
transform on the space S(R) (Theorem 2.1). Using this result we obtain the
equivalence of the formula in Theorem 1.1 for the Hilbert transform on the spaces
LP(R);1 < p < 1 (Theorem 2.2). At the end of this paper we formulate and
prove a theorem "stronger" than Theorem 1.1(Remark 2.2, Theorem 2.3).

First, we recall some notations and basic notions. Let X be complex Banach
space, and let B(X) denote the complex Banach algebra of all bounded linear
operators on X.

Definition 1.1. If the map t ¥ U(t) from the real axis R into the Banach algebra
B (X) satisfies the conditions

) Uty +t) =U(t)U(t2); (t1;t2 2 R);
ii) U@0) = I; (I = identity operator);

then the family fU (t)g,, g is called a one-parameter group of operators in B(X).
The group is said to be strongly continuous if t'Iir(p U@f = f for every T 2 X

in the norm of X (for short, in X). If there is a constant M 1 such that
kU(k M for all t 2 R, then the group fU (t)g;, is said to be bounded.

The infinitesimal generator A of the group fU (t)g;, is defined by
umfr f
f

whenever the limit exists in X. A is a closed linear operator with domain D(A)
dense in X. The range of A is denoted by R(A):

Af = Iim
10

Definition 1.2. (see [3]) Let fU (t)g,r be a strongly continuous group of op-
erators in B(X). A continuous linear operator H .y (0< <N < 1) on X is

defined as follows .

Hofo= 1 %t (r 2 x):
it N
If Ilirr(l) H . T exists in X, we denote it by HT, and call it a Hilbert transform of

N!l
f,i e.

Hf = I'mg) H.nT:
NI1
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Let fU (t)g,,g be a bounded strongly continuous group in B(X) such that
kU(t)k 1 for all t 2 R with the infinitesimal generator A.

Note that in this case fU (t)g;, g is a group of isometries in B(X), i.e. U (t);t 2
R is a bounded linear operator on X that has a bounded inverse linear operator
(defined on the whole X), and such that kU (t)xk = kxk for all x 2 X.
Namely, from kU (t)xk kU (t)kkxk  kxk and
kxk = kU( HU(t)xk kU( tkkU(t)xk KkU()xk for all x 2 X and t 2 R it
follows kU (t)xk = kxk for all x 2 X and t 2 R.
Let us set

C() :=%[U(t)+U( ]; t2R: (1)

One readily verifies that C() is a bounded strongly continuous cosine operator
function on X, such that KC(t)k 1 for all t 2 R, and that its infinitesimal
generator is A% | i. e. C() is a function from R into B(X) satisfying

a) C(0) =1; (I = identity operator);

b) C(t+s)+C(t s)=2C(t)C(s); t;s2R;

¢) the function C()f is continuous on R for every T 2 X;
d) kKC(t)k 1 for every t2 R:

The infinitesimal generator of C() is defined by the limit in norm as t ¥ 0 of
28T T with natural domain (see [1], [2], [6]).
Let Fa;a 0 a family introduced in [10] as

Fax := Ii&moFa; X; x2X;a 0 (2)

where
Za ZHUh i
Fa X:= = du R( 2A)+ R( A2 d: = +iy; i= P—.
0 +i0
Here A? is the infinitesimal generator of C(') defined by (1), the resolvent of A2
is denoted by R( 2;A?),ie. R( 2,A?)=( 2 A?) 12B(X):

We remark that the family of bounded linear operators Fgz;a 0 exists for
every bounded strongly continuous cosine operator function on X. In [4], it is
proved that the limit in (2) exists for all X 2 X and a 0; and that

4 . 2 4 2
2 sinat 2a sinat 2t
Fax = — C(2t)xdt = — n C = xdt: (3)
0 0

Since kC(t)k 1 for all t 2 R; (3) implies that kFzk a for alla 0 and that
the function a 7 ¥ F, is strongly continuous on [0; +1):
Let us note some further properties of operators Fa;a 0 (proved in [4]):
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F
;X=x; x 2 X (4)

al +1
ii)
Za
FaFpXx = FpFax =2 Fyxdu+ (b a)Fax; x2X;0 a b (5)
0
iii) A2Fax = FaA2X for all x 2 D(A?);a 0
iv) Fax 2 D(A%); k=1;2;3;:::;a 0;x2X
V) [ L
the set Fa(X) is dense in X: (6)

a0

Let Ag be an operator defined by AgFaX := aFaX F{fx; X 2 X;a 0; where
Fa;a 0 is a family defined by (2). The operator Ag has a closed extension
denoted by A+ (proved in [8]). In [8] the operator A+ is called the positive square
root of A?. A detailed investigation of some of its properties is given in [8] and

[9].

Theorem 1.2. (proved in [8]) If X is a complex Banach space, fU (t)g,5 is a
bounded strongly continuous group in B(X) such that KUk 1 for allt 2 R
with the infinitesimal generator A, C() is defined by (1), A+ is the positive square
root of A?, Hilbert transform H is defined by Definition 1.2, then

HAX = Ayx for all x 2 D(A?): (7)

2 The Hilbert transform on the spaces S(R) and
LP(R);1<p<1

We will need the following lemma.

Lemma 2.1. If X is a complex Banach space, TU ()0, s a bounded strongly
continuous group in B(X) such that KU()k 1 for allt 2 R with the infinitesimal
generator A,C() is defined by (1), Fa;a 0 is defined by (2), Hilbert transform
H s defined by Definition 1.2, then

HF.x =+ W[U(t) U( t)]xdt =
0
| 5)
_ 1 at sin atU(t)xdt
t2
1

for all x 2 R(A);a 0:
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Proof. By definition of the operator A+, and using (5) and (3), we get
Za
A Fax:=aF,x F2x=aFax 2 Fyxdu for a O;
0

and
2 3

sin? ut
t2
0 o o, 3

2 Za
47 c@y,

t2
0 0

A
4 a sin 2at

Za Za
2

2 Fydu=2 = 4 C(2t)dtd du =

sin utdud dt =

0
Using (1) and the following relation

c(ijtu(t)x =AU(Dx =U()AX; x2 D(A);

we then obtain

A A
27 sinat 4 a sin2at
A+ FaX = — t2 C(Zt)th + — 271:2 Tt3 C(Zt)th =
0 0
2 ot A .
4 asin‘ & 4 a sinat
= - 2 2 C(t)xdt + — 2 g C(t)xdt =
0 0
2 2 2sinat  at(l + cosat)
= - 3 C(t)xdt
0
for x 2 D(A);a O:
The last integral is finite and
A . A . 0
2 2sinat at(l + cosat 2 at sinat
- t?’( )C(t)xdt = - e C(t)xdt =
0 0
A . 0
1 at sinat
= 2 tizl [U(t) +U( )] xdt:
0
This, and
A .
1 at sinat ©°

= T UO+U( Dlxdt=
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0

1 o t sinat
=i at sinat [U@)+U( t)]xdt=

= —Im 2
N1
1 . at sinat N
= = I.'”(‘) T[U(t)+u( Hlx +
N1
1 . at sinat
+ = I'|n?J —e [U@®) U( t)]Axdt
N1
andW!OaSN!+landW!OaS ¥ 0 imply that
R .
1 I!ing) atonal [U(t) U( t)]Axdt exists, i.e. that the integral
N1
1ZL at sinat 1 2 at sinat
= — [U(®) U( t)Axdt= = TU(t)Axdt
0 1
is finite.
So,

R .
A+Fax =1 L‘:SzMU(t)Ath for x 2 D(A), a 0.
1

Since AFaxX = FaAX for all X 2 D(A);a 0 and (6), from the last equality and
from (7) (Theorem 1.2.), we get (8) for all X 2 R(A) and @ 0. The lemma is
proved. a

From now, X = L, (R);1<p< 4, fU ()9, is the group of right transla-
tions in B(X) defined by

UOF]I(X):=f(x t); F2X;t2R;x2R: (9)

It is well-known that fU (t)g,, g is a strongly continuous group of isometries in
B(X) (kU(t)k = 1 for all t 2 R) . We denote its infinitesimal generator by A.
S(R) will denote the space of functions on R having derivates of all order and

satisfying sup xK (”)(X) < A for all indicies k;n 2 No = 10;1;2;:::9; where
X2R
(M) denotes the derivate of n order of the function : It is well-known that S(R)

is a Fréchet space with the system of semi-norms sup xK ™M(x) :k;n 2 Ng
X2R

Definition 2.1. The Fourier transformation f of a function f 2 S(R) is defined
by . Z, -
f():= P= e ' XF(x)dx;
1
and the inverse of the Fourier transformation T of a function ¥ 2 S(R) is defined
by 7
1

f():= 1912— ) e XF(x)dx:
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YN and

Remark 2.1. a) It is known (see |5]) that the Fourier transformation
the inverse of the Fourier transformation ” ” from S(R) into S(R) are linear

continuous in the topology of S(R), and that f=ff2 S(R).

b) ¥ 2 S(R) can be written in the following form (see [7])

A
f(x) = [a(z)coszx + b(z)sinzx]dz; (10)
0
where
1 A 1 A
a(z)=—  f(u)coszudu and b(z) ==  f(u)sinzudu: (11)
1 1

Theorem 2.1. The Hilbert transform H on the space S(R) has the representation
A

(HF)(X) = [a(z)sinzx Db(z)coszx]dz; f 2 S(R); (12)
0

where a(z) and b(z) are defined by (11).

Proof. Let us recall that 0 is not an eigenvalue of the infinitesimal generator A of
the group fU (t)g,, g defined by (9) in B(X), X = Lp(R);1 < p < 1. Therefore,
by lemma 2.1. and (9), we obtain

at sinat

HEHE) == 2

0

[F(x t) F(x+1t)]dt (13)

for f2S(R)anda 0.
But, by remark 2.1 b),

f(x+t) f(x t)=
A
= fa(@)[cosz(x+1t) cosz(x t)]+b@)[sinz(x+1t) sinz(x t)]gdz=
0
A
= [ 2a(z)sinzxsinzt+ 2b(z) coszxsinzt]dz

0

for f 2S(R)anda 0.
Thus, from (13), we get

z .
HE.F) )= 2 w [b(z) coszxsinzt  a(z)sinzxsin zt] dzdt =
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2
- 2 [b(z)coszx a(z)sinzx]dz
0 0
for f2S(R)anda O.

Since

at sinat

2 sin ztdt

at sinat . 0 for a z
——————sinztdt = :

2 @ z)5 fora>z’

now we have
Za
(HFF)(X) = [b(z)coszx a(z)sinzx](a z)dz

for f2S(R)anda 0.

Since the operator H is continuous on X (Riesz’s result) and (4), from the last
equality it follows, by dividing the last equality by a and by taking the limit as
a ¥ 1 on both of its sides, that (12) holds. The theorem is proved. a

Now, using this result (Theorem 2.1) we can obtain the equivalence of the

formula in Theorem 1.1. for the Hilbert transform on the spaces Lp(R);1<p <
1.

Theorem 2.2. If X =Ly (R);1 <p < L then there are subspaces L1 and Ly of

the space X such that X =Ly + Ly (i.e. X is a direct sum of subspaces L1 and
Lo of the space X), and the Hilbert transform H has the representation

Hf =i(P T P4f); f2X;
where P and P+ are continuous projections from X onto L1 and Ly respectively.

Proof. From (12) (Theorem 2.1) and (10) it follows

2
f(X)+i(HF)(X) = [a(z)coszx + b(z)sinzx]dz+

0
y

+i [a(z)sinzx Db(z)coszx]dz =

! 2

= a@)e? ib@@)e? dz= e[a(z) ib(z)]dz =
0 0
2 2 L2 L2 3

= 24>  f(u)coszudu i=  Ff(u)sinzududdz =
0 1 1
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2 3

2 L2
e 4= e "Uf(u)duddz =
0 1
2 T , 2
e Zf()dz = p=— ePf(z)dz
0 2 0
for £ 2 S(R).
So,
1 4
) +i(HF)(X) =2p=— ePf(2)dz; f 2 S(R): (14)
2 0
Let X =1p(R);1<p<1: o n o

Set L' := f2S(Rsuppf ( 1;0] ,andL":= f2SRsuppf [0;+1) .

Let us denote the closure (in X) of L" and L" by L; and L, respectively. It is
well-known from the theory of Hardy spaces that the set L'+ L" is dense in X.
Let T be any element belonging to X. Then there are fro, 2 L and fﬁ,o 2 LOO7
n=1;2;:::; such that

0 LP

fo+f, "EF(nY 1) (15)

Since H is continuous on X, it follows
H(f, +f,) "8 HF (n 1 1): (16)
From (14) we get
(<) +i(HF)(X) =0 forall f 2L";

and
F )+ i(HF)(X) = 2F (x) forall f 2L";

i.e.
(HF)(x) = if (x) forall ' 2L and (HF)(X) = if (x) forall f 2L":

Thus,
0 00

H ff]+ff]0 =i f, f, ; forevery n=1;2;:::: (17)

Hence,

2ifﬁ, =i ff1+fﬁ10 +H f:]+fff ; for every n=1;2;::::
n 0y
From this, (15), and (16) it follows that the sequence | converges to a
n=
Hmi‘bg)oint fir2Liasn ¥ 1, and then from (15) it follows that the sequence
00

T, | converges to a limit point f 2 Ly as n ¥ 1. Therefore, from (15),
n=
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(16) and (17) we obtain
f=Ff+fHh and HF =H(f, + ) =i(fy ) =i(P T PLT),
where P and P+ are continuous projections from X onto L1 and Ly respectively.
Note, the uniqueness of f1 and then of 2 immediately follows from 2if; = Hf+if:
Also from this, since the operator H is continuous, it easily follows that P and
P+ are continuous. The theorem is proved.

a

Remark 2.2. It is easy to see that the following "stronger” than Theorem 1.1
Theorem 2.3 is valid.

Theorem 2.3. If H is a Hilbert space and TU (t)g,g s a strongly continuous
group of isometries in B(H) with the infinitesimal generator A, then there are
subspaces Ho; He; H - of the space H satisfying:

a) H is a direct and orthogonal sum of subspaces Ho; H+;H  of the space H, i.e.

H=Ho Hs+ H ;

b) the Hilbert transform H is defined (and continuous) on the whole H and

Hx =i(E+x E X) for all X2 H;

where Eg; E+ and E  are orthogonal projections from H onto Ho;H+ and H
respectively.

The proof of Theorem 2.3 immediately follows from Theorem 1.1 when applied
on H Hg; where H=Hg (H Hp), and Hp = fx 2 H; Ax =0g, and from
the fact that Hx = 0;X 2 Hg (it easily follows from U (t)x = X; X 2 Hp).
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Apstrakt

U ovom radu se konstruiSe rjeSenje i karakteristi¢na funkcija grani¢nog
zadatka generisanog diferencijalnom jednac¢inom sa linearnim kagnjenjem,
potom se uspostavlja vaZna relacija izmedu potencijala q na segmentu [ 1; ]
i takozvane prelazne funkcije @ na segmentu [ ; ]. Taj dobijeni rezultat
otvara moguénost rjeSenja inverznog zadatka.

1 Uvod

Ovaj rad je posvecen uspostavljanju relacije izmedu potencijala q i takozvane
prelazne funkcije @ spektralnog zadatka sljedeceg tipa

Y 0O+a0y(x ()= y(x) (1)

yx  (¥) 0 x< (x) (2)

y (0 hy(©)=0 3)

y'()+Hy()=0 (4)

Pretpostavimo da je 2L, [0; ]. Osim toga, neka je (X) = x+ ; ; 2R*

i < 1: Funkcija (X) = X x) =0 ) X je strogo rastuca, jer je

' x)=1 > 0: Njena inverzna funkcija je

Yy) = 1 y + ivrijedi 1(0)=—— = 1:
1 1 1 v

Uslov (2) ispunjen je na razmaku [0; 1):
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Ograni¢imo se na slucaj h = H = 1. Tada iz (1) i (3) dobijamo integralnu

jednacinu
1 Zx
y (X;z) =sinzx + - q(ty)sinz(x tp)y(t1 (t1);z)dty z2=
0

Rjesenju zadatka (1-3) posvecena je monografija [4].

2 Rjesenje zadatka (1,2,3)
Za x2[0; 1) iz (5) dobijamo
y (X; z) = sinzx

Na razmaku ( 1; ] jednalina (5) postaje

Zx
y (X;z) =sinzx + % q(t)sinz(x t)y(tx (t1);z)dty; z2=

1

Lema 2.1. Postoji ko2Ng takav da vazi

A I OF
Dokaz 2.1. Ako je ;— tada je ko = 0 pa se nema $ta dokazivati.
postavimo da je 1= 1(0) = 17— < . Konstruisimo niz
= o= 1t "o ;1=23;:::
Za | = 2 dobijamo
= I = 1 = =+
Nastavljajuéi proceduru konstrukcije ¢lanova niza | dobijamo
m #
X! 1
| = K= 1+ + +
e @)t 1 @
Zbhog 0 < <1 vazi % > 1 pa geometrijski red
O |
— divergira za + 1
Stoga postoji najmanji Ko2Ng takav da vazi yy+1 dok je K, <
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Posledica 2.0.1.

(l;]zr((ll;l][(ko;] (*)

1=2
Na osnovu (*) rjeSenje integralne jednaline (6) se konstruiSe metodom

promjenjivih koraka na razmaku ( | 1; 1]

Uvedimo sljedece funkcije

zx
a2 (X;z) = q(ty)sinz(x ty)sinz (ty)dty

Zx
ag+ (X;z) = q(t)sinz(x ti)ag ( (t1);z)dty; 1=1;ko

Lema 2.2. RjeSenje Y|(X;z) na razmaku (| 1; 1]; =1 ko 1 dato je sa

. X
y1 (X;z) =sinzx + Sk sk (x;2) (7)
k=1

Dokaz se izvodi metodom matematicke indukcije. Radi ilustracije raspisimo
rjeSenje za | = 2.
1 x
Y2 (X;z) =sinzx + = (t1)sinz(x ty)sinz (t1)dty

1 & Z ()
+ - q(ty))sinz(x tp) q(tp)sinz( (t; ty)sinz (tp)dtydt;

1
2

Na zavrsnom razmaku ( k,; ] ( koi ko+1] rjeSenje ima oblik

_ 1 X0 g
Yk, (X;2) =sinzx + Easz (x;z) + Z—kasm (x;2) (8)
k=2

Primedba 2.1. U [5] je posmatran slu¢aj bilinearnog kasnjenja sa ciljem kon-
strukcije asimptotike svojstvenih vrijednosti.

3 Karakteristi¢na funkcija

Stavljajuéi X = i koriste¢i grani¢ni uslov ¥ ( ;z) = 0 dobijamo karakteristi¢nu
funkciju F(z) =y ( ;z), z2C operatora L.
Dakle,
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1 Xo g
F(z)=sin z+ S as2 (;2)+ Sk Ak (;2) 9)
k=2
Funkcija F je cijela funkcija eksponencijalnog tipa sa prividnim singularitetom
u nuli. Zapravo Zlfrrg) F@) =0

Koristec¢i elementarni identitet

sinz(  tp)sinz(ta (t1)) = %[cos z( 2ty + (t1) cosz( (1)]:

imamo,
1 z 1 z
az (;z)=_ a(cosz( 2+ (w)du _  q(t)cosz( (1)) dty
1 1
1 z 1 z
=5 Q@cosz( +( 2Qu+ )d 5 q(t)cosz( . )dt
1 1
) _ . —_ d t1j aj
Neka, Je = +2 + ( 2) t]_, dt]_ - jm
odnosno . = t ; dty = —d%
Tada vazi
Z 1 Z 1
a ('z)—} 1 + cos d 1 g — cos d
S N I 2 a
) )
Definisimo takozvanu prelaznu funkciju @ na sljedeéi nacin
8
30 2( 5 (DLC w)
g=_>—0 —5— 2 () () (10)
3 + 1 : )
' Tq 2 =q — 2 ( ( ) ’ 1)
Iz (10) vidimo da poznati potencijal g na segment [ 1; ] u pri poznatom
kasnjenju (X) = X+ ; 1= ;— jednoznacno definiSe prelaznu funkciju @ na
segmentu [ ; ]: Zapravo, dato kasnjenje zna¢i poznavanje funkcije (X) pa su

poznati i brojevi ()i ():
Postavimo obrnuto pitanje: da li data prelazna funkcija @ dobro definige po-
tencijal q7

Parametre 1; ( ); 1 smatramo da su poznati. Radi davanja odgovora
na postavljeno pitanje, izvr§imo particiju segmenata [ 1; ]i[ (); 1] u
skladu sa prirodom preslikavanja koji ostvaruju funkcije 1 = + (2 h1e1
odnosno t; = E L
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Funkcija 1 :[1; 1 ¥ [ (); 1] je strogo opadajuca. Istovremeno

funkcija ; = bl 1Y (); 1] je takode strogo opadajuca.
Stavimo 1 = 22+ . Tada imamo
(o D =10 ) O)s 20 D=0 C); al;
2 +2
1 = 2(1)= 5
Nekaje 0= ; o= (): Dalje, 1(2)= 15 1(2)= 2

U opstem slucaju

1(k)= k15 1(k= k K2Np

Navedimo vrijednosti nekoliko prvih ¢lanova niza  :

4+ 2 8 4 + 3422 16 16 + 4 +27?
e 7T @ ) T @ )
32 48 83 +322 +24 + 5
C @
Indukcijom dokazujemo relacije
_ k
Kk 1 = W() a1)
1 k = @ ¥a ) (), K2N

Na osnovu (11) moZzemo pisati
5 §
[ 1= [wwka [C) = [k (12)

Iz (10) slijedi

=2 He()=C He( + 2 H); tu2[1 o (12)

Dakle, na segmentu [ 1; ] = [ 1; o] potencijal q je jednoznaino odreden
pomocu prelazne funkcije @na segmentu[ ( ); ol. Zati2[ 2; 1) imamo 12 ( o;
1 vrijedi jednakost

() =@ e )+ qt) 4= 2o (12

Vrijednosti funkcije q na razmaku [ 1; o) su poznate iz (129, a @( 1) je un-
aprijed data pa je funkcija q pomocu (12° dobro definisana i na [ 2; 1).

Potpuno analogno nastavljamo proces konstrukcije potencijala  na svakom
razmaku [ k+1; k), KZN na osnovu poznatog potencijala na razmaku [ k; k 1),
k2N.

Dobijeni rezultat zna¢i da se rjeSavanje obrnutog zadatka za posmatranu
jednaginu svodi na odredivanje prelazne funkcije operatora.

2 +(2 )t

Primedba 3.1. U [11] i [12] koristi se prelazna funkcija za rjesavanje inverznih
zadataka pri homogenom kagnjenju to jest pri otklonjenom argumentu X, 0 <
<1l
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Abstract

The study of complex differential equations in recent years has open
numerous questions regarding the determination of frequencies of zero so-
lutions, dispositions of zero solutions, oscillatory of solutions, asymptotic
behavior, growth rank and so on. This paper presents the result of research
seeking for model of determination of location of zero solutions of complex
homogenous differential equation of first order with analytic coefficients.
Using the sequence-iteration method, which seemed to us better in applica-
tions, the new approach to problem solving has been developed and opened
the perspectives in further research.

1 Introduction

Complex homogeneous linear differential equation (CHLDE) of the first order
is equation

(z;w(2);wi(z)) =0 (1.1)

where is given function, w(z) = F (z) = u+iv is complex function of complex
variable Z = X + iy, where U = u(X;y) and v = Vv (X;y) are continuously differen-
tiable functions in area G (for the further details, see [1]).

As derivative of a function w (z) depends on four partial derivatives Ulx; Uly; Vx; Vly;
(1.1) transforms into equation

(G y; u(Xy) ;v (X y); uly; uly; vix; vly) = 0 (1.2)

Here, according to the definition of equality of complex numbers we obtain the
real system

1y, u(Xy) ;v (X y); uly; uly; vix; vly) = 01:3 (1)
2 (G Y;u(Gy) ;v (G Y) 5 Ul Uly; Vix; Viy)

Il
o
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of partial differential equations (PDEs) of the first order with two unknown real
functions u (X;y) and v (X;Y).
From the normal form of CHLDE of the first order (1.1)

wo(z) = F (z;w (2)) (1.4)

we obtain complex integral w (z) = RL F (z;w(z))dz + c, where L is path that
connects points Zg and z and where ¢ = a + ib is orbitrary complex constant.
Independence from the path is valid only if at (1.1)  is analytical function from
its arguments. Then for solutions w (z) = u(X;y) + iv(X;y) Cauchy—Riemann
conditions must be applied in advance.

The idea is to observe at the system of PDE (1.3) and assume that w(z) is an
analytical function. The problem is to find a zero solution w (z) = 0; ie zero real
functions u (X;y) = 0 and v (X;y) = 0 of a region of G (see |7])

Let G is circular sector jzj = R; 0 argz 5. There may or may not be a
certain number of zero solutions W (z) = 0. Those zeros can be “included”, if we
draw a direction y = kx; k = tan ”, where K continuously changes. Direction
y = kx shall encompass all zeros from G. At a certain direction there shall be
one zero, and at another one more zeros, but isolated and finitely many zeros,
at certain direction not a single one zero. Therefore, the number of zeros shall
depend on K, and locations of zeros shall depend on zeros of a function

uXy)=uxkx) =UX); v(xy) =v(x kx) =V (X): (1.5)

From Cauchy-Riemann conditions and from real functions (1.5) by substitution
of y = kX we obtain one complete real homogenous linear differential equation of
the second order U%{x)+A (x) U°(x)+B (X) U (X) = 0, for which Sturm theorems
apply.

In the following text we consider first order complex homogenous linear differential
equations in form

dw
d—z+a(z)w(z)—0 (1.6)
where a(z) = (X;y) +i (X;y) is given analytical function.

It is easy to prove that non-trivial solution of CHLDE (1.6), has no zeros. Only
trivial solution has zeros. If a(z) = 0 then solution of CHLDE %—VZV = 0 has only
one zero at point Z = 0:These discussion can be easily generalized on the case of
CHLDE of n-th order ?jnz\,ﬂ" = 0, because after successive integrations we obtain
polynomial Pn 1(2), which has exactly n 1 zeros, real or complex, simple or
multiple. Also, we can link it with small Picard theorem. Namely, equation
f (z) = A, where f (2) is analytical function, A complex constant, has solution if
A =0, that is, if A =0+ i0 = (0;0). On the other hand, solution of CHLDE
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of the first order %—"Z" = 0 is arbitrary constant W (z) = ¢ = a; + ib;. Therefore,
infinite number of solutions is possible, for each real pair (az;b1).

2 Main results

2.1 Behavior along direction

Theorem 2.1. Real and imaginary part of the solution W (z) = u(X;y)+iv (X;y)
of complex homogenous linear differential equation of the first order (1.6), with
analytical coefficient a(z) = (X;y) +i (X;y), each has countless number of
zeros. Those zeros, except at trivial solution W (Z) 0, are never common. Zeros
for u(x;y) and for v(X;y), along arbitrary direction y = kx; 0 k < d;are
respectively in the solutions of the equations

Z

X
( k) + Ockx)k)dx = arctan % (2.1.1)
0 1
zZ, .
( (xkx)+ (x;kx)k)dx = arctan ai (2.1.2)
0 1

where a1 and by are arbitrary constants.

Dokaz 2.1. From general solution w(z) = Cexp RLa(Z) dz = u(xy) +
iv(X;y), where L is path that connects points zgp and z, and C = a; + ib; is
arbitrary constants, according to the definition of equality of complex numbers
we obtain

Z
u(x;y) = exp x;y)dx  (x;y)dy

Z Z
aicos  ( Oy)dx+  (;y)dy)+bisin ( (y)dx+  (x;y)dy)
V(X;y) =exp (xy)dx  (Xy)dy

Z Z
bicos ( (xy)dx+ (x;y)dy) asin ( (xy)dx+ (x;y)dy) :

Area G (circular sector jzj = R; 0 argz ;) is covered by directions y =
kx; 0 k < A. Then real function u(X;y = kx) and v (X;y = kx), transform
into functions from X and parameter k.
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These functions do not have a common zero, but each can have its own zero. Zero
is determined from the equations
Z X Z X
aj Cos ( (X kx)+k (X kx))dx + by sin ( Xkx)+k (X kx))dx=0
0 0

and
Z X Z X
by cos ( (xkx)+k (x;kx))dx ajsin ( (xkx)+k (x;kx))dx =0;
0 0

or if we express through the tangent we obtain formula (2.1.1) and (2.1.2). As
tanges unambiguous function to be within a period of 3 to 7, the value of the
tangent (2.1.1) or (2.1.2) occur only once, and they can coincide in a common
point. Therefore, u(X;y) and Vv (X;y) may have each of their zero, but have in
common. So, U(X;y) =V (X;y) only in (0;0).

Example 2.1. Non-trivial solution w (z) = u(X;y) + iv (X;y) of CHLDE of the
first order w°(z) W (z) = 0 does not have real zeros for each z. Zeros of the
functions for u(X;y) and v (X;y), along arbitrary direction y = kx; 0 k< 1
are respectively in points Xy = %arctan %—i; Xy = %arctan :’%'

Along X axis is kK = 0: Here, zeros of function u (X;0) are at Xy, = A, and zeros
vV (X;0) are at X, = 1, which means that there are no finite zeros. Along
direction y = X, therefore along line where k = 1, zeros for u (X;X) are at Xy =
arctan ﬁ—i, and for v (X;X) are at Xy, = arctan %' Along y axisis k= 1, and
zeros for U are at Xy = 0, and for v are at Xy, = 0. Thus, there is one zero O (0;0):
Now observe the sector jzj = R; 0 argz < 5, and let the constants are a;;b; >

= _1 ap = = ap = 1 by
0. Then Xy = = arctan by Yu = kx, = arctan by and Xy = = arctan a
Yu = kxy = arctan %, so the zeros U (X;Y) are at points My (Xu; Yu), and zeros

v (X;y) are at points My (Xy; Yv).
If0<xy R,then0< gi=arctanfl R. If ordinate y, = arctan §+ R,
then there is only one intersection at point My. Hence, for one k = tan 7, that is
for one 7 and for §&  tan (RK), there exists only one zero My. However, if §*
increases, for example from R to 2R, then ordinate y, = arctan %—i is greater than
R, and lower than 2R, and for same ~ there is one more zero. We conclude, for
given K = tan ”, constant and positive, for given R, which is variable parameter
and for aj,b; positive and variable constants following apply:

for 0 < arctan ‘E‘—l R, there is one zero Xy of function U (X;y);

for R < arctan é—l 2R, there are two zeros X, and X9 of function u (X;y);

for 2R < arctan J"g—i 3R, there are three zeros Xy, X3,x%%f function u (X;y),

for (n 1)R < arctan ﬁ—i NR, there are N zeros Xy, XB,XB?: i ;XSn D of
function U (X;y) and no zeros of function v (X;y):
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Example 2.2. For CHLDE of the first order wo(z) + (1 2z)w(z) = 0 from
analytical function a(z) =1 2z follows (X;¥y) =1 2xand (X;y) = 2y.
General solution of the eggation is

W(@)=(gp+i)exp (1 2x)dx R2ydy

cos (2x 1)dy +2ydx +isin  (2x 1)dy + 2ydx

Zeros for u(X;y) are solutions of equation kx?>+ k x x? = arctan ‘B‘—i,
while from (2.1.2) follows, zeros for v (X;y) are in solutions of equation kx> +
k x x%2 = arctan %. Here we obtain quadratic equtions for abscissas of ze-

ros, for U (X;y) we have X1.2 = ﬁ k k2 + 8k arctan ﬁ—i , and for v (X;y) we
q

obtain X34 = ﬁ k k2 8karctan % . Ordinates of zeros are respectively
Y1:2 = KX1;2 and Y34 = KX3:4!
Due to simplicity of the coefficient a(z), this CDE can be directly solved.

2.2 On rationality of increasing of order at resolving of the sys-

tem of PDEs
CHLDE of the first order (1.6), with analytical coefficient a(z) = (X;y) +
i (X;y) can be written in the form
@u _ .0v : : . :
@7+|@7+( Ky)ulsy)  (xy)vxy)) +

+Hi( xy)uxy)+ (Xy)vxy)) =0:

From here we obtain the real system of PDEs of the first order

gi = Uy + xy)vKy);
g;’( = Gy )u(xy) X y)v(x;y):2:2:1 2)

The system (2.2.1) can be transformed to the system of one PDE of the second
order and one algebraic equation. For example,

0%u _ 1 @ 0u
o LT
O g e+ e * Ty uGan =0 (222
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@u
CGYIVOGY) = g+ (y)uay):
During the elimination of the function u(X;y) or v (X;y), it was notice that is
better not to increase order of DE, but is better to stay at lower order and

seak for separate zeros of mentioned real functions, especially along the direc-
tiony=kx; 0 k< 1.

Theorem 2.2. General solution of CHLDE of the first order (1.6) with analytical
coefficient a(z) = (y)+i (Xy) is

C106y;u); 7206 y;u)) =0; (2.2.3)

where  1s arbitrary differential function and *1; 72 linearly independet first in-
tegrals of characteristic system of equations.

Dokaz 2.2. Multiply the first equation of system (2.2.1) with (X;y) and the
second with  (X;y) and sum them. Since W (z) = u(X;y) +iv(X;y) is the ana-
lytic function, it follows that Cauchy—Riemann conditions apply and in the end
we obtain equation

@v

(X:y)gi (X:Y)@7+ 2(y)+ 2(xy) u(xy)=0: (2.2.4)

This is the quasi-linear first order PDE which is equivalent in terms of finding
solutions to the system of ordinary differential equations in symmetric form

dx _ dy _ du )
(x;y) (x;y) (206y)+ 2(xy))

(2.2.5)

Since (X;y) and (X;y) are given, follows 1 (X;y;u) =c1 and 72 (X;y;u) =cC»
are linearly independent two first integrals, which depends on  (X;y) and (X;Yy).
The general solution of PDE (2.2.4) is precisely the expression (2.2.3).

Remark 2.1. It is known that if the differential equation has an analytical solu-
tion W (z) = u(X;y)+iv(X;y), then for the u(X;y) and v (X;y) are valid Cauchy-
Riemann conditions. Therefore, the imaginary part v (X;y) of the solution w (z),
of CHLDE of the first order (1.6), has been characterized by a system of ordinary
differential equations

dx _ dy _ dv )
(x;y) (x;y) (206y)+ 2(xy))
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Theorem 2.3. General solution W (z2) = u(X;y)+iv(X;y) of CHLDE of the first
order (1.6), with analytical coefficient a(z) = (X;y) +i (X;y), along arbitrary
directiony = kx; 0 Kk < A is given with

Z

W@y = @+i) ek + *xkx)
0

(x; kx)

dx + ¢y +icy: (2.2.6)

Dokaz 2.3. From the system (2.2.5), for the function u (X;y); we obtain the DE
dx — _ ) - 1t follows that for an arbitrary directiony = kx; 0 k< A we can

dy = (xy)”
determine k = g—i, that isk = ()(();(33): From the second equation of system (2.2.5),

. dX — du .- . . .
that is from o) — 2oy~ 2eayyys I the same direction we can find a solution
Z

X 2(x;kx) + 2 (x;kx)

u(x; k)= . )

dx +cy: (2.2.7)

This formula gives the behavior of the real part of the solution w (z) = u(x;y) +
iv(X;y).

Similarly, from the second equation system (2.2.57), in the direction y = kX we
have

Z x 2(x; kx) + 2 (x;kx)

0 (X kx)

v(x; k) = dx + cy: (2.2.8)

Based on (2.2.7) and (2.2.8) follows (2.2.6).

Corollary 2.1. Only trivial solution W (z) 0 of CHLDE of the first order (1.6),
with analytical coefficient a(z) = (X;y) +i (X;y), along arbitrary direction
y=kx; 0 k<21 has zero.

Dokaz 2.4. From (2.3.6), for z = x+1iy = 0; that is, for X = 0 and y = kx = 0; it
follows that the integral is equal to zero. Then c1+ic; = 0, thatisc; =u(0;0) =0
and ¢c; =v(0;0) =0:

Hence, the functions u (X;y) and v (X;y) have their zeros, but common zeros are
possible only for ¢; = ¢z = 0: Accordingly, only the trivial solution w(z) 0 has
zero z = 0.

The following is a formula for the exact number of zeros along direction if we
already know the location.
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Theorem 2.4. Number of zeros of sine solution of CHLDE of the first order
(1.6), with analytical coefficient a(z) = (X;y) +1i (X;y), along arbitrary direc-
tiony =kx; 0 k< 1; from O (0;0) to the point (R;KR) is
1 4R
n=E = k xxkx)+ (xkx))dx ; (2.2.9)
0

E [}] denotes the entire part of argument. Number of zeros of cosine solution is a
for one less.

Dokaz 2.5. From the general solution CHLDE of of the first order (1.6), with
analytical coefficient a(z) after elementary transformations we obtain that the
zeros of the real and imaginary part of the solution is possible only for

Z Z

X X

cos ( (xy)dx+ (x;y)dy) =0;sin ( (xy)dx+ (x;y)dy)=0:
0 0

It follows that the zeros of cosine and sine solution, along arbitrary direction
y =kx; 0 k< 1 are given by

z
R( (X;kx) +k (X;kx))dx = (2n 1)5; n=12;:::
20
R( Gkx)+k (kx)dx = n; n=0;1;::::
0

Considering the sine function characteristic which within one period 2 has three
zeros 0; ;2 , and of the cosine function characteristic to have a two zeros 7 37
at the same period, it is concluded that the cosine solution has one less zero than
the sine solution.

Remark 2.2. If we now move along OX-axis, then z = X, so w(z) = w(X) =
u(x) +iv(x). Here, by substitution in system (2.2.1) we obtain ordinary system
of DE, with two unknown functions u(X) and v (X). Eliminating one function,
for example Vv (X); from first equation of the system and substituting in second
equation of the system, we obtain complete HLDE of the second order
0 °%) o
WP+ 2 () —=5 w0+

(
%)
o0y L ey 20 upg =0

)
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which by substitution

°)
*)

u((x) =exp

2 (X)

dx S(x)

N| =

where S (X) is new unknown function transforms into canonical DE of the second
order S%Yx) + (X)S(X) = 0, for which applies Sturm theorem, (for further
details, see [2],[3],4],[5],[6],[7])-

It is well known that solution of CHLDE (1.6) does not have mutual zeros, except
w(z) =w (X) =0, that is, only for u(y) =v(y) =0.

Remark 2.3. An important direction, Oy-axis till now has been excluded from
observed directions, because for K = A it couldn’t be encompassed by expression
y =kx; 0 k < . This direction is called singular direction. Along it, CHLDE
of the first order (1.6), with analytical coefficient a(z) can have solution, even
zeros of solution.

Indeed, along Oy-axis is X = 0, so CHLDE (1.6), written in developed form,
must contain derivatives from Y. Since CHLDE has analytical solution, that is,
Cauchy-Riemann conditions apply, then system (2.2.1) becomes

d
%+ MUl) GV =0;

Mum+ vy =0 (2.2.10)

This is mixed algebraic-differential system, which is also called singular. Elimi-
nating U (y) from the second equation of the system, and substituting into first
one, we obtain DE of the first order with separated variables. Its general solu-

Lo — W+ W) : : :
tion is vV (y) = cpexp @) dy . Solutions for u (y) are obtained without

quadratures. Since system (2.2.10) is mixed, this case is treated separately. Note
that system (2.2.10) also has trivial solution for u(y) = v (y) = 0.

Example 2.3. General solution of CHLDE of the first order wo(z) + zw (z) =0
along direction y = kx; 0 k<1, is
I
2 12 '
xs ke 1
w (x; kx) = cexp ———— cos kx> isin kx?
Zeros of sine solution are X = P T%; n = 0;1;:::, and their number along
diﬁection, to point X = Risn = E KR?Z . Zeros of cosine solution are X =

@n 1) n = 1;2;:::, and number of zeros to abscissa X = R is n =
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E % + KRZ | We note that separate sine and cosine zeros there are more if K is
growing.

3 Conclusion

Question on location of zeros even the simplest complex differential equations,
is very difficult and certainly not elementary. Moreover, it has been solved only
for certain classes of differential equations. In this short presentation a goal was
determination of number of zeros solutions of complex linear homogenous differ-
ential equations of first order. The idea on location of isolated zeros according to
arbitrary direction in first quadrant, have proved useful,where with simple appli-
cation of elementary theorems on substitution of independent variable a problem
transferred to ordinary differential equations.
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Abstract

In this paper we generalize the theorems of Nemycki  and Edelstein.

1 Introduction

Let (X;d) be a metric space and T : X ¥ X: A mapping T is contractive if it
fulfills the condition ([1]):

d(Tx;Ty) <d(X;y); X&vy; x;y 2 X: (1)

A mapping T is a generalized contractive mapping if it fulfills the condition (where
XEy; x;y 2 X)

d(Tx;Ty) <max d(x;y);d(x; Tx);d(y;Ty); e Ty) ; dly: T X (2)

Obviously, if T is a contractive mapping, then it is also a generalized contractive
mapping (i.e. (1) ) (2)); but not vice versa.

Example 1.1. Let X = [0;4] be a set of real numbers with the standard
metric d(X;¥y) =jx yjand T : X ¥ X a mapping defined by

g 3 x=0
TX:B 2, x2(0;3] (3)
T4 X234

Then the mapping T fulfills the condition (2) but not (1). Also [1] confirms that
the condition (2) is fulfilled. One can conclude that the condition (1) does not
hold based on the fact that the mapping T defined by (3) is not continuous on X
(it has discontinuities at the points X = 0 and X = 3) while contractive mappings
(i.e. mappings fulfilling condition (1)), are necessarily continuous.
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2 Main results

In this section we prove the generalized Nemycki  theorem ([3], [1]).
Theorem 2.1. Let T : X ¥ X be a continuous mapping of a compact space
CX;d): If T fulfills the condition (2); then T has a unique fixed point.
Proof. Define a function f : X ¥ R* by f(X) = d(x; Tx); X 2 X: Then f is
a continuous function, because T is a continuous mapping. Since X is a compact
metric space, there exists U 2 X such that

f(u)=d(u;Tu) =min f(X):x2X : (4)

Assuming that for each X 2 X it holds that X & TX; which is equivalent with
f(u) > 0i.e. d(u; Tu) > 0; we can apply the condition (2):

d(TuT?u) =d(Tu; T(Tu))
d(u; T(Tu)) +d(Tu; Tu)

<max d(u;Tu);d(u;Tu);d(Tu;T(Tu));

2
T2
= max d(u;Tu);d(Tu;Tzu);id(u’; W
Since
d(u;T?u) d(u;Tu)+d(Tu;T?u) 2max d(u;Tu);d(Tu; T?u)

i.e. d 5

w max d(u; Tu);d(Tu;T?u) ;
it holds that

d(Tu; T?u) <max d(u;Tu);d(Tu;T?u) : (5)

Based on (4) and (5) we conclude that
d(Tu; T2u) <d(Tu;T?u)

which is a contradiction. Therefore, f(u) = 0; i.e. Tu = u: This proves the
existence of a fixed point. Let us now prove that the fixed point is unique.
Suppose that T has another fixed point v; (TV = V) and v & u: Then, based on
(2), we have:

d(u; Tv) +d(v; Tu)
2

d(u;v) +d(v;u)

2

d(u;v) =d(Tu; Tv) <max d(u;v);d(u; Tu);d(v; Tv);

=max d(u;v);d(u;u);d(v;v);

=d(u;v);

which is a contradiction. Therefore, the mapping T has a unique fixed point.
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The condition that the mapping T must be continuous in Theorem 2.1 can’t
be ignored, as shown by Example 1.1. Here a discontinuous mapping T of a
compact metric space X = [0;4] has no fixed points. The following theorem
reduces the continuity condition using that T should be orbitally continuous, and
the compactness is replaced by the existence of an iterated sequence that has a
convergent subsequence which must fulfill the condition (2), and not (1), as stated
by the Edelstein theorem ([2]).

Theorem 2.2. Let (X;d) be a metric space and T : X ¥ X orbitally
continuous mapping that fulfills the condition (2): If there exists Xo 2 X such
that the sequence (T"Xo)n2n contains a convergent subsequence (T™ Xg)ioN; then
u= iIlilm T"Xo is a unique fized point of the mapping T:

Proof. We consider two mutually exclusive cases:

(i) There exists Ng 2 N such that TN 1xy = TNoxg;

(ii) For each n 2 N it holds that T"*1xy & T"Xq; i.e. d(T"*1xq; T"Xp) > 0:

In the case (i) T"Xg = u is a fixed point, because of Tu = u: We now consider
the case (ii)

(T ™ x0: T"x0) = d(T (T"x0); T (T 1x0)
<max  d(T"xo; T x0); d(T "xo; T (T "X0)); d(T " xo; T (T"*1x0));

d(T"%o; T(T"*1X0)) + d(T"*1xo; T (T "X0))
2

=max d(T"xo; T x0); d(T "xo; T"*1x0); d(T"*1xo; T"*2x0);

d(T "xo; T"*2x0) + d(T " 1xoT"*1xo)
2

Tn .Tn+2
= max d(Txo; T xg); d(T ™ ixg; T 2xp); 10201 TT70)

2
Since
d(T"%o; T™2x0)  d(T"xo; T"*1xg) + d(T " ixo; T"*2x0)
2max  d(T"xo; T"1x0); d(T ™ 1xo; T"2x0)
- d(T "xo; T"*2x0) Ny .TN+ly y. qTh+1y .Tn+2
5 max  d(T "xo; T"*1x0); d(T"*1xo; T"*2x0)
we find that
d(T" Ix0; T"2x0) < max  d(T"xo; T"1xp); d(T " 1xo; T"*2x0)
wherefrom

d(T " xo; T 2x0) < d(T "%o; T"1x0) (6)
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since d(T " 1xo; T"*2xg) < d(T"*1xq; T"*2X0) is impossible.
This proves that the sequence (d(T"Xo; T"*1X0))n2n is decreasing, and since
it is non-negative, there exists

lim d(T"xo; T *1x0):

Since the iterated sequence (T"Xo)n2n has a convergent subsequence (T "™ Xp)i2n;

ie. !Ilm TMXo = u and since T is an orbitally continuous mapping, it follows that
I

lim T(T"Xo) = Tu and Jim T(TNi*xg) = T(Tu)
1! 1!
SO

lim d(TNixg; TN+ 1xg) = d(u; Tu) and lim d(TNi+xg; TN +2x0) = d(Tu; T2u):
1! [l

Considering the fact that (d(T"Xo; T™*1x0))izn and (d(T™ *1xo; T +2X0))i2N
are both subsequences of a convergent sequence (d(T™Xg; T"*1X0))n2n We con-
clude that

d(u; Tu) = d(Tu; T?u): (7)

If Tu & u; applying the same method used to prove (6), we obtain
d(Tu; T?u) <d(u; Tu)
which is impossible because of (7). Therefore, Tu = u: Fixed point uniqueness is
proved the same way as in Theorem 2.1.
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Abstract

In a recent paper [Fized point theorem for generalized operator quasi-
contractive mappings in cone metric spaces, Afrika Mat., DOI 10.1007/
$13370-012-0105-7], X. Zhang has used bounded positive definite linear op-
erators on the given Banach space in an attempt to obtain a more general
fixed point result in a normal cone metric space. We will show in this paper
that most of the conditions in his theorem are superfluous and that the proof
can be obtained in a much easier way, by reducing it to a well known Ciri¢’s
result on quasicontractions in standard metric spaces.

Key words: metric space, solid cone, cone metric space, generalized operator
quasicontractive mapping.

1 Introduction

L.G. Huang and X. Zhang introduced cone metric spaces in [4], replacing the set
of real numbers by an ordered Banach space as the codomain of a metric. Thus,
they reconsidered the notion of K-metric spaces that was used earlier (see, e.g.,
[12]). A lot of known metric fixed point and common fixed point results were
subsequently extended to this new setting (for a review of these results till 2010
see [5]).

In a recent paper [13|, X. Zhang has used bounded positive definite linear
operators on the given Banach space in an attempt to obtain a more general
fixed point result in a normal cone metric space. We will show in this note that
most of the conditions in his theorem are superfluous and that the proof can be
obtained in a much easier way, by reducing it to a well known Ciri¢’s ([1]) result
on quasicontractions in standard metric spaces.

2 Preliminaries

We recall some properties of cones and cone metric spaces. The details and proofs
can be found in [4, 5].
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Let E be a real Banach space with the zero vector . A proper nonempty and
closed subset K of E is called a (convex) cone if K+ K K, K K for 0
and K\ ( K) =T g. We shall always assume that the cone K has a nonempty
interior iNt K (such cones are called solid).

Each cone K induces a partial order on Ebyx vy , ¥y xXx2K,x vy
will stand for X Yy and X & y, while X y will stand fory X 2 intK. The
pair (E; K) is an ordered Banach space.

Definition 2.1. [3] A cone K in a Banach space (E;k K) is called:
1 normal if

inffkx +yk : x;y 2 K, kxk =kyk =19 > 0;
2 semi-monotone if there exists K > 0 such that, for all X;y 2 E,
X vy implies kxk  kkyk; (1)
3 monotone if, for all X;y 2 E,
Xy implies kxk  kyk; (2)
i.e. it is semi-monotone with k = 1.

The next lemma contains results on cones in ordered Banach spaces that are
rather old (1940, see [8]). It is interesting that most of the authors (working with
normal cones after 2007) do not use these results, which can be applied to reduce
a lot of results to the setting of ordinary metric spaces.

Lemma 2.1. /8, 3] The following conditions are equivalent for a cone K in the
Banach space (E;k K):

1 K is normal;

2 for arbitrary sequences TXng, fyng, fzng in E,

(8n) Xn Yn Zn and I’]|!I1rl’] Xn = n|!|lm Zn = X imply n|!|1m Y = X;

3 K is semi-monotone;
4 there exists a norm K K1 on E, equivalent to the given norm K K, such that
the cone K is monotone w.r.t. K Ki.

The smallest constant K satisfying the inequality (1) is called the normal
constant of K. It is clear that it is always k 1.

Example 2.1. [10] Let E = CL[0;1], with kxk = kxk; +kx%; , K = fx 2
E : x(t) 0g. This cone is non-normal. Consider, for example, Xn(t) = Fn and
yn() = 1. Then  Xn Yn, and limuz Yo = , but kXnk = maxoq & +
maXq 0,17 jt" L= % + 1 > 1; hence X does not converge to zero. It follows by

2 that K is a non-normal cone.
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Let X be a nonempty set and (E; K) an ordered Banach space. A function
d: X X ¥ E is called a cone metric and (X;d) is called a cone metric space if
the following conditions hold:

(C1) d(x;y) for all X;y 2 X and d(Xx;y) = if and only if X =y;

(C2) d(x;y) = d(y;x) for all x;y 2 X;

(C3) d(x;z) d(x;y) +d(y;2) for all x;y;z 2 X.

Let X 2 X and fXng be a sequence in X. Then it is said that:

(i) TXng cone converges to X if for every ¢ 2 E with C there exists a natural
number Ng such that d(Xp;X) ¢ for all n > ng; we denote it by d-limpiz ~ Xp = X
or Xp #xasn ¥ 1,

(ii) TXng is a cone Cauchy sequence if for every ¢ 2 E with C there exists
a natural number Ng such that d(Xm;Xn) € for all m;n > ng;

(iii) (X;d) is cone complete if every tvs-Cauchy sequence is tvs-convergent
in X.

Suppose now that (X;d) is a cone metric space over a normal solid cone
K in a Banach space E (with the normal constant satisfying K 1). Then
D(x;y) = kd(x; y)K is a symmetric on the set X, that is, a mapping from X X
into |0; +1) with the following properties:

(s1) D(x;y) 0 and D(x;y) =0 if and only if X =y;

(s2) D(x;y) = D(y; x).

It satisfies also:

(s3) D(x;y) k(D(x;2) + D@ Y)).

The cone metric d and the associated symmetric D = kdk in X generate two
topologies: ty and tp. Their bases of neighborhoods consist of the sets

Be(y) =fx2 X :d(X;y) cgand B«(y)=fx2X:D(x;y)<"g;
where Y;C;" are, respectively, a given point from X, a given interior point from
K, and a given positive number (for details see [9]).

Theorem 2.1. [9] Let (X;d) be a cone metric space with a normal solid cone K
and let D be the associated symmetric. Then tg = tp.

In other words, the spaces (X; d) and (X; D) have the same collections of open,
closed, bounded and compact sets, and also the same convergent and Cauchy
sequences, and the same continuous functions. Also, the interior of the cone is
the same in both equivalent norms. If the normal constant K = 1, then the
symmetric space (X; D) is a metric space.

Thus we obtain the following principal remark: From Lemma 2.1 and Theorem
2.1 it is obvious that, in the investigation of cone metric spaces with normal solid
cones, we can assume that the normal constant can be taken to be kK = 1. This
follows from the fact that we can deal with the space E, equipped with the norm
k ki, which is equivalent to kK k. Taking into account Lemma 2.1 and Theorem
2.1, it follows that results for normal solid cone metric spaces can be derived from
the respective results for metric spaces. Namely, if d is a cone metric on X and
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the norm kK K is monotone on the cone, then the composition kK k d = D is
a usual metric on X. Clearly, non-expansive and contractive (with respect to d)
self-mappings of X are also non-expansive and contractive (respectively) with
respect to the metrick k d=D.

3 Main results

Let (E;k k) be a Banach space with a cone K E. Consider the set B(K)
of bounded linear operators A on E that are positive-definite, i.e., A(K) K
holds. Moreover, let B(K;1) denote the subset of B(K) containing operators
A having the norm KAk 1. X. Zhang in [13], called a mapping f : X ¥ X
generalized operator quasicontractive on a cone metric space (X;d) (over K) if
there exists 2 [0; 1) such that for all X;y 2 X there exist a;b;c;d;e 0 satisfying
a+b+c+d+e 1, and A;B;C;D;E 2 B(K;1) such that the following inequality
holds

d(fx;fy)  (aAd(x;y) + bBd(x; fx) + cCd(y; fy) + dDd(x; fy) + eEd(y; fx)):

(3)
Note that the constants a;b; c;d;e, as well as the operators A;B; C; D; E depend
on the points X;y, but we will not write axy, ... in order to avoid cumbersome
notation. The following example is inspired by [13, Example 1].

Example 3.1. Let E = R? and let K = f(x;y)> 2 R?: x 0;y 0g, which
is a normal cone with k = 1. Let X = fa;b;cg and define a cone metric d on X
by d(x;X) = (0;0)” for x 2 X, d(a;b) = d(a;c) = (1;1)”, d(b;c) = (0;1:1)> and
d(x;y) =d(y; Xx) for X;y 2 X. It is easy to see that (X;d) is a cone metric space.

Let f: X ¥ X be defined by fa =10, fb = fc = c. Take A = OC')G 096 2
B(K;1) and = % Then it is easy to check that the inequality d(fXx; fy)

Ad(x;y) is fulfilled for all X;y 2 X. Hence, T is a generalized operator quasicon-
tractive mapping on X.

X. Zhang proved the following.

Theorem 3.1. [13] Let (X;d) be a complete cone metric space over a normal
cone K with normal constant K. Let ¥ : X ¥ X be a generalized operator quasi-

contractive mapping with contractive constant . If one of the following conditions
hold:

1. T is continuous;
2. k<l1;

3. there exists Xg 2 X such that

TFAX Y); B(XY);C(xy); DX Y), E(Xy) i X;y 2 0(Xo; 1) g
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is a compact set (here, A(X;y); B(X;y); C(X;y); D(X;y); E(X;y) are opera-
tors A;B; C; D; E from (3.1) and O(Xo; L) is the orbit of ¥ at the point Xo),

then T has a unique fized point X 2 X. Moreover, in the cases (1) and (2),
any Picard sequence FF"XQ converges to X ; in the case (3), the Picard sequence
fF"Xog converges to X .

We shall prove that the previous result can be obtained without assuming any
of the conditions (1)—(3).

Theorem 3.2. Let (X;d) be a complete cone metric space over a normal cone K
and let T : X ¥ X be a generalized operator quasicontractive mapping. Then T
has a unique fized point X 2 X and any Picard sequence FF"Xg, X 2 X converges
to X .

Proof. According to Lemma 2.1, 3 , 4 | there exists a norm on E (denoted by
k k), equivalent to the original one, which is monotone, i.e., the implication (2)
holds. As in Theorem 2.1, denote D(X;y) = kd(x;y)k. Then D is a standard
metric on X, and (X; D) is a complete metric space. The inequality (3.1) implies
that

D(fx; fy) = kd(fx; fy)k
kaAd(x;y) + bBd(x; fx) + cCd(y; fy) + dDd(x; fy) + eEd(y; fx)k
(akAkkd(x;y)k + bkBkkd(x; fx)k + ckCkkd(y; fy)k
+ dkDkkd(x; fy)k + ekEkkd(y; fx)k)
(a+b+c+d+ e) maxtkd(x; y)k; kd(x; Fx)k; kd(y; Fy)k;
kd(x; Fy)k; kd(y; Fxkg
maxfkd(x; y)k; kd(x; Fx)k; kd(y; Fy)k; kd(x; Fy)k; kd(y; Fx)g
= maxfD(x;y); D(x; fx); D(y; fy); D(x; fy); D(y; fx)g

holds for all x;y 2 X. In other words, f is a Ciri¢-type quasicontraction (|1]) in
a complete metric space (X; D). Hence, T has a unique fixed point X 2 X, being
the limit of an arbitrary Picard sequence FF"xg. a

Remark 3.1. Since the mapping T in Example 3.1 fulfills all the conditions of
Theorem 3.2, it follows that T has a unique fixed point (which is X =c¢). As was
shown in a similar situation in [13, Example 1|, no scalar cone-quasicontractive
condition is satisfied in this case. However, the statement from [13, Remark 1]
does not hold, since Theorem 3.2 and its proof show that the result can still be
obtained by reducing it to the standard metric arguments.
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Abstract

In this survey of our recent results, the kernels K, (z) in the remainder
terms Rp () of the Gaussian quadrature formulae for analytic functions f
inside elliptical contours with foci at 1 and a sum of semi-axes > 1, when
the weight function w is of Bernstein-Szegs type

t) 1=2(1 + t) 1=2

w(t) Mkzm®=“ ;o ot2( L1, 2( L0);

L a+ y

are given. Sufficient conditions are found ensuring that the kernel attains
its maximal absolute value at the intersection point of the contour with
either the real or the imaginary axis. This leads to effective error bounds
of the corresponding Gauss quadratures. The quality of the derived bounds
is analyzed by a comparison with other error bounds intended for the same
class of integrands.

1 Introduction

Let the weight function W be a nonnegative and integrable function on the interval
( 1;1). Consider the Gauss quadrature formula
FOw(t) dt = Gn[f] + Ra(f);  Gn[f] = fC) (h2N) (1)
1 :1
which is exact for all algebraic polynomials of degree at most 2n 1. The nodes
in (1) are zeros of the orthogonal polynomials pn with respect to the weight
function w.
In this paper w is the weight function of Bernstein-Szegd type

t) l=2(1 + t) 1=2
4 2

w(t) w2 g = ¢ ;ot2( L1 2( L0)

L@+ y

(2)
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The weight functions under consideration are special cases of the (more gen-
eral) Bernstein-Szegd weight functions

(1 t) B2(1+1) 172 .
( 2)2+2( Ht+ 2+ 2

w2 D = t2( 1 ()

where0< < ; &2 ;jj< , having in the denominator an arbitrary
polynomial of exact degree 2 that remains positive on [ 1;1]. Namely, if we
set =1 =21+ ), 1< <0,and =0, (3) reduces to (2). The

weight function (3) have been studied extensively in 1], and therefore the results
obtained there can be specialized in the case of (2).

Let be a simple closed curve in the complex plane surrounding the interval
[ 1;1] and D = int its interior. If the integrand f is analytic in D and con-
tinuous on D, then the remainder term Rn(f) in (1) admits the contour integral
representation I

Rn(f) = % Kn(2)f(z)dz: (4)

The kernel is given by
%n(2).

Kn(z) Kn(z;w) = @)’ z2[ 1;1];
where Z
(@) (@) = 11 O oy

The modulus of the kernel is symmetric with respect to the real axis, i.e.,
IKn(2)] = jKn(2))-

The integral representation (4) leads to the error estimate

Ra(M ) maxiKe@i  maxif(@) Q
z2 z2

where ‘() is the length of the contour . In order to get estimate (5), one has
to study the magnitude of jKn(z)j on

In many papers error bounds of jRy(F)j, where T is an analytic function, are
considered. Two choices of the contour have been widely used:

a circle Cy with a center at the origin and a radius r (> 1), i.e., Cy =

fzjjzj=rg, r>1(cf [2], [4], [5]), and
an ellipse E with foci at the points 1 and a sum of semi-axes > 1,

1 :
E = z2Cjz=3 el + el o0 2 (6)

When ¥ 1 the ellipse shrinks to the interval [ 1;1], while with increasing
it becomes more and more circle-like. The advantage of the elliptical contours,
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compared to the circular ones, is that such a choice needs the analyticity of f in
a smaller region of the complex plane, especially when is near 1. In this paper
we take to be ellipse E , then (5) has the form

Ra(M ) maxiKe@i  maxif@i - (7)

Since the ellipse E has length “(E ) =R4" 1pE("), where " is the eccentricity
of E,ie,"=2=( + 1), and E(") = 0:2 1 "2sin® d is the complete
elliptic integral of the second kind, the estimate (7) reduces to

E(Il) mn 2

. .2 . : o .
JRn ()] o MaxjKa(2)) kfk o M= (8)

where KFk = maxze jf(z2)j. As we can see, the bound on the right-hand side in
(8) is a function of | so it can be optimized with respect to > 1.

The derivation of adequate bounds for jRn(F)j on the basis of (8) is possible
only if good estimates for maxzoe jKn(z)j are available. Especially useful is
knowledge of the location of the extremal point 2 E | at which jKuj attains its
maximum. In such a case, instead of looking for upper bounds for max,2g jKn(2)j
one can simply try to calculate jKn( ;W)j. In general, this may not be an easy
task, but in the case the Gauss-type quadrature formula (1) there exist effective
algorithms for calculation of Kn(z) at any point z outside [ 1;1] (see Gautschi
and Varga [2]).

So far the approach (8) was discussed for Gaussian quadrature rules (1) with
respect to the Chebyshev weight functions (see [2], [3])

r

r
1 P—> 1+t 1t

= Pp—; = 1 t% = — = —

wy (t) o wa(t) t ws(t) 1 1 wy (t) T

and later has been extended by Schira to Sﬁnmetric weight functions under
restri%ion of monotonicity type (either w(t) 1 t2 is increasing on (0;1) or
w(t)=" 1 t? is decreasing on (0;1)), including certain Gegenbauer weight func-
tions (see [7]). Concerning error bounds and estimates for the Gauss-Turdn
quadrature formulae of analytic functions see [11] and reference therein.

With respect to the rational modification of the Chebyshev weight function

of the second kind, i.e., the weight function of Bernstein-Szegd type w2 ) =
w=21=2) )

p—— 4 1
(1=2) — 2 2 . S 1) -0 -
w = 1 t*+ 1 ——t o t2( 1;0); 2( 1;,0);
® T ( LD 2( 10
we found in [8] sufficient conditions ensuring that there exists a = [ = |,
such that for each the kernel K, attains its maximal absolute value at

the intersection point of the ellipse with the imaginary axis. For this specialized
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case, we obtained much smaller values for = |, than ones obtained by Schira
(except for  close to 0 and N even), especially for large values of n. Observe
that the weight function W(lzz)(t) belongs to the class considered by Schira [7]
(W(lzz)(t)=p1 t? is decreasing on (0; 1)).

In [9] the same problematic with respect to the weight function w( 2 (t) =
wC 172 192 ®),

4 t2 ' .
1+ )2 ’
has been considered. With respect to this symmetric weight function of Bernstein-
Szegd type, sufficient conditions are found ensuring that there existsa = =

n: such that for each the kernel Kp attains its maximal absolute value at
the intersection point of the ellipse with either the real or the imaginary axis. The
corresponding analysis is much more complicated than the one in [8]. Observe
that this weight function does not belong to the class of the ones considered by
Schira [7].

The paper [10] is a continuation of the previous two [8], [9], as this methodology
works good in the cases when the modulus of kernels have rather complicated
forms. With respect to the weight function of Bernstein-Szegd type

r

E 1 47 t2 ' .
1t 1+ )2 ’
which is not symmetric and therefore does not belong to the class of the ones
considered by Schira |7], sufficient conditions are found ensuring that there exists
a = p = p such that for each the kernel Kp attains its maximal
absolute value at the intersection point of the ellipse with the positive real semi-
axis. In an analogous way (using the substitution t := t) a similar analysis could
be derived with respect to the weight function of Bernstein-Szegd type

"1 4 !
(1=2; 1=2)(+\ — 2 . S 1) .-
w (t) T+1 ! a+ )2t cot2( 11);  2( 1,0):

In this way we rounded off this problematic with respect to the corresponding
rational modification (of Bernstein-Szegs type) of all 4 classical Chebyshev weight
functions. In this paper a survey of those results is presented.

w( 1=2>(t):(1:|0 1 1) 1 t2( 1;1); 2 ( 1;0);

w 28(1) = t2( L1 2( L)

2 Maximum of the modulus of kernel of the Gauss
quadrature formula with the weight function w (t) =

w2 (2 1;,0)

For the weight function under consideration, the corresponding (monic) orthogo-
nal polynomial n(t) = p. (t) of the degree n has the form (see [1]):

"= n =5 U® Un2®F n L )
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where Up denotes the Chebyshev polynomial of the second kind, characterized by

sin(n + 1)
Un(cos )= ———:
n(cos ) sin
As usual we use the substitution
1 1 i
z=2( + ;o = e
S+ D
Using the well-known facts (cf. [2])
n+1 (n+1) 1 1
Un@ = i z=5,(+ )
and Z, 0
Un(t sin(n +1) sin
O T = nM+D sin_ 4 _ ;
12t 0 z cos n+l

on the basis of direct calculation, we obtain that the kernel can be expressed
( 2( 1,0); n2N) in the following way

@+ yYa Y

Kn; (2) = n+1[(1 + )2 ( + 1)2] (n+t (n+1)) (n1 (n 1) :
(10)
Namely,
Z1 on n (1) pl t2
%n(z) = %n: (2) = ’ dt:
' 1zt 4 2
1+ )
We use the decomposition
1 Aq Aot + Az
4 Tzt A (11)
91 ot T
1+ )2 1+ )
where
1+ ) 4 4 z
Al = ; A = ; Az = :
YT @+ ) 422 77T 1+ ) 422 77T 1+ )2 4 22

Multiplying (11) by 2" p. (t)pl t2 and integrating over the interval [ 1;1], we
obtain

£ ! Un(t) Un Z(t) P 17

+ 2" o (DAt + Ay ————dt:
1 2
1+ )3
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If n 2, in the last equality the second integral is equal to zero, then the
formula (10) can be derived easily.
If n =1, we have

Z, z P
Ui(t) P —— 1 T v t2
%y (2) = Aq 1(0 1 t2dt+=-A, #dt;
1 277 1 4 _p
a+ )2

where U1(t) = 2t. On the basis of [1, Eq. (3.22)], we have
7 _
tuwtT a2

4 2
17 ¢
1+ )
Finally, using the representation U1(z) =2z = + ! we obtain

@+ a3 :
A 2 (+ DA+ By
which represents (10) for n = 1.

From here on, we use the usual notation (see for example [2])
1
2
Using (10), and on the basis of

Ky, (2) =

g =31+ 1)y j2N

il %= 1+ 24 2 2052
j 1= Ps (az cos2 )2
A+ )2 (+ H = @1+ 32 4 @1+ aycos2

+ 2 2(ag+cosd )

n+1 (n+1) ( n1 n+1) — pi [a2n+2 COS(ZI’I +2)

+  2(azn 2 cos(2n  2))
2 (agncos2  apcos2n )¥?;
we obtain (for n 2 N)

(1+ )2(ap cos2 )2 1+ 24 2 2¢g52 2

IKn; (@) = =
" n+1[(1+ 2)2 4 (1+ 2)apcos2 +2 2(as +cosd )*2
1 :
[aon+2  cos(2n+2) + 2(apgn » cos(2n 2) ) 2 (apncos2 a, cos 2n )]1=2'
(12)
Numerical experiments showed us that there existsa = ,= (n; )>1so
that jKp. ()] attains its maximum value on the imaginary axis, i.e., at = =2,
for each . We stated and proved it in [8], as follows.
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Theorem 2.1. For the Gauss quadrature formula (1), N 2 N, with the weight

function w (t) = W(lzz)(t), 2 ( 1,0), there existsa 2 (L+1)( = ,=
(n; ) such that for each the modulus of the kernel jKn. (2)j attains its
mazimum value on the imaginary azis ( = =2), i.e.,
i
Ko = Ko ! 1
max jKn; (2)] 5 )

Proof. On the basis of (12), in order to demonstrate the theorem we have to prove
the following inequality for 2 [0; =2]:
(a2 cos2) 1+ 24 2 2cos2
1+ 22 4 (1+ 2arcos2 +2 2(ag+cos4)
1

an+2 cos(2n+2) + 2(ay 2 cos(2n 2) ) 2 (azncos2 acos2n )
(az+1) 1+ 2442 2
A+ 22+4 (1+ Dag+2 2(a +1)
1 .
azn+2+( DN+ 2(azn 2+ ( M) +2 (azn+( DNap)

(13)
First, we have
a, C0S2 a, +1: (14)
Second, let us prove that for each >1and 2 ( 1;0) there holds
1+ 24 2 2c0s2
(1+ 22 4 (1+ 2aycos2 +2 2(ag+cosd ) )

14+ 2449 2 .
@+ 2P +4 @+ Da+2 2@ +D)

Let us denote

A =1+ 2%+2 2( 0); A= 4 %cos® ;
B = (1+ ?+4 (1+ Hay+2 *(aa+1)( 0);
B, = 8 (1+ ?aycos® 4 2sin?2 :

The inequality (15) can now be written in the form

A+ A é
B + B B’
that is
ABl BAl 0;
1.e.

Q@ + 24+2 2 8 @1+ daycos® 4 %sin?2
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A+ 22+4 1+ PDay+2 (@ +1) (4 2%cos? ) O

The last inequality is satisfied for = =2. Therefore, let us consider the case
when 2 [0; =2), and divide the last inequality by cos’® . We obtain

@+ 2%+2 2 8@+ da, 16 ?sin?
+ 4 7 1+ ?P+4 1+ Papy+2 *(ay+1) O
The last inequality holds if
QA+ 2%+2 2 @1+ Pay+2

%2 1+ 22+4 1+ Day+2 %(az+1) O

Now, we use a4 = 2a§ 1, and conclude that the last inequality holds, since
the left-hand side of it becomes

(L + Pag+2]0+ ?? A+ 2 +2 af

N| -

= Jla+ A2+ Hwada+ P A+ H+ (+ AP
= SR+ O(%+ H+aja+ 2y
2(1+ 2)2 2 2(1+ 2)( + 2) 2 2( + 2)29
= SR+ 9%+ H+aja+ 2y
2(1+ 2)2 2 (1+ 2)2 2 2(1+ 2)29
— %(14_ 222249 4+ 2
— %(14_ 22( + 1y
Therefore (15) holds, for each >1, 2 ( 1:0), 2[0; =2].
Now, let n be . We put

C+Ci= ag+2 COS2n+2) + 2(azn 2 cos(2n 2))

(16)
2 (azncos2 ap cos2n );
where
C = apme2+1+ %(agn 2+1)+2 (azn+ap);
C; = 2cos’(n+1) 2 2cos?(n 1) 4 aycos® 4 apsin’n :

For the second fraction in (12) there holds

1
C+C

olr
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if C1 0. This is satisfied if = =2, so we consider the case when 2 [0; =2).
Using the well-known inequality

cos(n +1
¥ n+1, neven;
cos
we conclude that
(o cos?(n + 1) ,cos?(n 1) sinn
AT 2220 Y fay 4 ap—y— O
cos? cos? cos2 2n 2 Cos2 ’
if there holds
2n+1)2 22(n 1?2 4 ay O
i.e., after dividing the last inequality by 2,
(n+1)? 2(n 12 2 a,y, O: (17)
This is satisfied for each e (>1).
Finally, let n be . In (16) we now take that
C = amsz 1+ %(@n 2 1D+2 (@20 a);
C. = 2sin’(n+1) +2 ?sin?(n 1) 4 aycos® +4 apcos’n :

For the second fraction in (12) there holds 1=(C +C1) 1=C,if C; 0. Thisis
satisfied if = =2, so we consider the case when 2 [0; =2). Similarly as in the
previous case we conclude that

C1 sin?(n + 1) ,sin(n 1) cos?n
2 +2 4 aph +4 ap——— X
cos2 cos? cos? 2n 2 cos?
if there holds
4 ayn+4 nfa, O
i.e., after dividing it by 4 , if there holds
a,n nla, O: (18)

If n =1, then the expression asn n2ay is equal to zero. If N > 1, let us write it
in the form h(x) = cosh(nx) n?cosh(x), where X = In 2. We have that hqx) =
ng(x), where g(x) = sinh(nx) nsinh(x). Since gXx) = n(cosh(nx) cosh(x)) >0
for x > 0, g(0)=0, we conclude that the function g is positive for X > 0. For
the function h we conclude that it is strongly increasing for x > 0, h(0) < 0.

Therefore, the inequality (18) holds for each o (>1); n=3;5:::, and
> 1 for n = 1. Observe that (18) does not depend on

Taking = g forneven and = ¢ for n odd, because of (14) and (15),

the inequality (13) holds on the interval [ ;+1). a
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3 Numerical results

The proof of Theorem 2.1 is of practical importance. Namely, on the basis of the
conditions (17) and (18), we can determine the intervals [ ;+71) on which the
modulus of the kernel Kp: attains its maximum value on the imaginary axis. For
some values of n; the values of  are displayed in the tables 1 and 2. Observe
that the results become very satisfactory when n increases.

(n; ) (n; ) (n; )

(2, 0:001) 9:741 (2, 01) 3:081 2; 02) 2:593
2; 0:3) 2:346 (2; 0:5) 2:.073 2; 07) 1:.917
(2; 0:8) 1:86 2; 0:9) 1:.814 (2; 0:99) 1:778
(10; 0:001) 1:796 (10; 0:1) 1:427 (10; 0:2) 1:38
(10; 0:3) 1:354 (10; 0:5) 1:327 (20; 0:7) 1:313
(10; 0:8) 1:309 (10; 0:9) 1:306 (10; 0:99) 1:305
(30; 0:001) 1:259 (30; 0:1) 1:166 (30; 0:2) 1:153
(30; 0:3) 1:146 (30; 0:5) 1:139 (30; 0:7) 1:135
(30; 0:8) 1:134 (30; 0:9) 1:134 (30; 0:99) 1:134
(50; 0:001) 1:16 (50; 0:1) 1:108 (50; 0:2) 11

(50; 0:3) 1:096 (50; 0:5) 1:092 (50; 0:7) 1:09
(50; 0:8) 1:09 (50; 0:9) 1:09 (50; 0:99) 1:089
(100; 0:001) 1:085 (100; 0:1) 1:06 (100; 0:2) 1:056
(100; 0:3) 1:054 (100; 0:5) 1:052 (100; 0:7) 1:052
(100; 0:8) 1:051 (100; 0:9) 1:.051 (100; 0:99) 1:.051

Table 1: The values of for somen22Nand 2 ( 1;0)

n n n

3 1:774 5 1:528 7 1:41
9 1:339 13 1:256 15 1:23
25 1:155 35 1:119 45 1:097
55 1:083 65 1:073 75 1:065
85 1:059 95 1:053 145 1:038

Table 2: The values of for somen22N+1and 2 ( 1;0)

Remainder terms for quadrature formulas are traditionally expressed in terms
of some high-order derivative of the involved function. This is a serious disadvan-
tage, if such derivatives are not known, do not exist or are too complicated to be
handled.

Let us consider numerical calculation of the integral

Z, P 1 @
I1(F) = 1f(t)#dt; (19)

1 —t?
1+ )?
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with .
— ee .
fO= Groke+rocrom

wherec b a< 1;k2N, “;m2 No.
Under the assumption that f is analytic inside E _, , from (8) we obtain the
error bound

JRn(F)j  En(F); (20)
where ‘E)
Fn(F) = n<"lfmax - maxjKn(z)]  maxjf(z)j

and |, is defined by Theorem 2.1. In the case under consideration jaj = %( max +

1
max)-

The length of the ellipse E can be estimated by (see |6, Eq. (2.2)])

‘(B 2a 1 -a —a —a ; 21
( ) 1 4 1 64 1 256 1 ( )
where a; = ( + 1)=2.
For z 2 E |, we have
ef — o1 cos(5( Lysin ) i€l sin(3( Yysin ).
and from this it follows that
max je®’j = e®™: 22
max je” | (22)
The above maximum is attained at =0.
Further, we have
1 _ 1 1
- - — 8 - <)
Ja+zj a2+1(a, 1)+2aajcos +cos?2 Jatal
where the equality holds for = 0. We have used the facts that the function
under the squared root has minimum at =0 and ap =2a3 1.
On the basis of the above analysis and (22), we have
e e
max z == T T —
22E (@+2)Kb+2)(c+2z)M ja+agjkjb+ayj jc+ajm
where the maximum is attained at = 0. Now, rn(f) (  rn(f)) has the form
_ . 1 5, 3 _ 4 5 &
rm(f) = n<"lf - a1 247 g ot
es™

ja+aijkjb+agj jc+agjm
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1+ Y@ +1)2 1+ 2
N[+ 22+4 (1+ 2)ap+2 2(as+ 1]

an+2+( D"+ (agn 2+ ( D) +2 (A +( 1)"ap)

1:2O

Let pi <a< 1, c¢c b a. This condition means thaﬁ the function F is
analytic inside the elliptical contour E _, , where max =1+ 2. Therefore, the
results obtained by Schira [7] cannot be used here. Also, the classical error bound
in this case is difficult to determine, since the derivatives F@M(t) for higher values
n are too complicated to be handled. However, we can use the error bound (20)
based on the results of Theorem 2.1.

The error bound (20) is valid for integrands analytic on a neighborhood of
the interval of integration and should be compared with other error bounds in-
tended for the same class of integrands. There are several classical error bounds
for Gaussian quadrature rules of analytic functions. See Theorem 4 in [12] or
Theorem 1 in [13], where the contour is the ellipse E given by (6). We also
take into account the error bounds appearing in [4], where the contour is the
circumference Cr =z 2 C: jzj=rg (r > 1).

Therefore, the error bound f(F) (JRn(F)j  fa(F)) of the Gauss quadrature
formula (1) with respect to the weight function (2), for the integrand f under
consideration, can be given by (see Stenger [12, Eq. (38)])

. 16 0 eeal

inf - o o -
1< < max 2N ja+agjkjb+agj jc+agjm
where o= (1+ )=2 (cf. [1, Egs. (2.24),(2.27)]), or by (see von Sydow [13, Th.
1])

4 e
— pSYD () = 9
D) = O = N @ D2 jarafbraficta

o (F) = At (F) =

or by (see Notaris [4, Eq. (3.28)])
P
. 2 (1+ )2 >n*2p y2 1
— p(Not) —
f‘n(f) f"n (f) l<r”<1Imax (1 2)[1 2n+2 2(1 2n 2)]

r

ee
fa = 7o + 1 o+ ™

where =7 Ior2 1 and rmax = jaj.
Let the integrand T be specialized by k = 1; * = 5;m = 10, and

a= 1:408333333333333; b= 1:892857142857143; c = 2:408695652173913;

which means that max = 2:4.

We have been calculating the values of f‘ﬁsmn) (f); f"ﬁsyd) (f); f"r(1N0t)(f); rn(f) for
the corresponding integral 1(f) given by (19). The results do show the effe-
ctiveness of the error bound (20) as compared to, for instance, the error bounds
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given by f*,ﬁSte“)(f); f"ﬁsyd)(f). For some values of and n = 15; 35, the obtained
results are displayed in Table 3. (Numbers in parentheses indicate decimal expo-
nents.)

Pt () | MYty | V() | ras(t) [ e | YV (r) | e O(E) | ras(f)
0:1 || 1:63( 6) | 1.61( 6) | 2:64( 7) | 3:66( 7) || 5:04( 21) | 4:84( 21) | 8:31( 22) | 1:11( 21)
0:2 || 45( 6) | 1.43( 6) | 2201( 7) | 2:30( 7) || 4:48( 21) | 430( 21) | 6:34( 22) | 9:04( 22)
0:3 || 1:27( 6) | 1:26( 6) | 1:48( 7) | 2.41( 7) || 3:92( 21) | 3:76( 21) | 4:69( 22) | 7:19( 22)
0:4 || 1.09( 6) | 1.08( 6) | 1:05( 7) | 1:86( 7) || 3:36( 21) | 3:23( 21) | 3:33( 22) | 5:49( 22)
0.5 || 9:04( 7) | 893( 7) | 6:97( 8) | 1.35( 7) || 2:80( 21) | 2:69( 21) | 2:24( 22) | 3:.97( 22)
06 || 7:23( 7) | 7:15( 7) | 4:30( 8) | 9:01( 8) || 224( 21) | 215( 21) | 1:39( 22) | 2:64( 22)
07 || 5:42( 7) | 536( 7) | 2:34( 8) | 5:32( 8) || 1:68( 21) | 1:62( 21) | 7:54( 23) | 1:55( 22)
0:8 || 362( 7) | 358( 7) | 9:99( 9) | 2.48( 8) || L12( 21) | 1.08( 21) | 3:25( 23) | 7:17( 23)
0:9 || 1:81( 7) | 1.79( 7) | 242( 9) | 6:51( 9) || 5:60( 22) | 5:37( 22) | 7:87( 24) | 1.88( 23)

Table 3: The values of AC™ (F): A D (F); AND(F): rn(F) for n = 15:35 and
some 2 ( 1;0)

At the end, let us consider numerical calculation of the integral (19), with
f(t) = f(t) = cost:
The function £(z) = cosz is entire, and for it holds
max jcos zj = cosh(r);
max jcoszj (r);

and
max jcos zj = cosh(by);
z2E

where by = %( b.
For some values of and n =5;9, the obtained results of f"ﬁsmn) (F); f"ﬁsyd) (F),

f"r(1N0t) (F); rn(F) are displayed in Table 4. The results do show the effectiveness of
the error bound (20).

4 The corresponding results for wl 2 (t) and wl 172152 ()

Theorem 4.1. For the Gauss quadrature formula (1) with the weight function
wl 1:2)('[) there erists a = = . 2 (1;+1) such that for each >  the
modulus of the kernel Kr(1; l:2)(2) attains its mazimum:

a) on the real axis (positive real semi-azxis ( = 0)), i.e.,

o oy

( 172)(5) = k( 172)
max Kg. 77(2) = Kj. 5
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RSy | Sy [ aNO ) | rs(h) RSy | w8 Diey [ ANV () | re(h)
01| 7:57( 9) | 5:97( 9) | 1:41( 9) | 1:35( 9) | 2:27( 20) | 1:78( 20) | 4:11( 21) | 4:01( 21)
02 | 673( 9) | 5:30( 9) | 1:11( 9) | 1:.07( 9) || 2:02( 20) | 1:59( 20) | 3:25( 21) | 3:17( 21)
0:3 | 5:89( 9) | 4:64( 9) | 848( 10) | 813( 10) || 1.76( 20) | 1:39( 20) | 2:49( 21) | 2:43( 21)
0:4 | 5:05( 9) | 3:98( 9) | 6:23( 10) | 5:98( 10) || 1:51( 20) | 1:19( 20) | 1:83( 21) | 1.78( 21)
05 | 421( 9) | 3:32( 9) | 4:32( 10) | 4:16( 10) || 1:26( 20) | 9:88( 21) | 1.27( 21) | 1:24( 21)
06 | 3:37( 9) | 266( 9) | 2:77( 10) | 266( 10) || 1.0I1( 20) | 7:91( 21) | 811( 22) | 7:91( 22)
0:7 | 253( 9) | 1:99( 9) | 1:56( 10) | 1.50( 10) || 7:55( 21) | 5:93( 21) | 456( 22) | 4:45( 22)
0:8 | 1:69( 9) | 1.33( 9) | 6:91( 11) | 6:66( 11) || 5:03( 21) | 3:96( 21) | 2:03( 22) | 1:98( 22)
0:9 | 8:42( 10) | 6:63( 10) | 1.73( 11) | 1.67( 11) || 252( 21) | 1:98( 21) | 5:07( 23) | 4:95( 23)

Table 4: The values of f\ﬁ,Ste“) (F); f‘gsyd) (F); f\,gNOt)(f); ry(f) for n =5;9 and some
2( 1,0

() 2( 1=3;0), n=2,
(i) 2( 1=2;0),n 3,

(i) = 1=2,n 5;
b) on the imaginary azis ( = =2), i.e.,
(1)) = k(122 1 1y .
max K§ @) = KD S Y
if
(» 2( 30),n=1,
(i) 2( 1, 1=3),n=2,
() 2( 1; 1=2),n 3,
(w) = 1=2,n=3;4,
¢) on the line which bisect the angle between the azes ( = =4) i.e.,
_ - 1 i
( 172) — 1=2 o+ Y+ 1
max KE D@ = Kol Bo(+ Db
if = 1=3,n=2.

Theorem 4.2. For the Gauss quadrature formula (1) with the weight function
wl 1:2;1:2)(t) there evists a = = . 2 (1, +1) such that for each >
the modulus of the kernel Kr(1; 1:2;1:2)(2) attains its maximum on the real azis

(positive real semi-azxis ( = 0)), i.e.,

e+ oy

( 172172) () — K ( 12:1=2)
max K& (@) =Ky 5

for 2 ( 1;0).
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Theorem 4.3. If n = 1, for the Gauss quadrature formula (1) with the weight
function w 1:2;1:2)(0 there evists a | = 1. 2 (1,+1) such that for each

> ;| the modulus of the kernel Ki; 1:2;1:2)(2) attains its mazimum on the real
azis (positive real semi-azis ( = 0)), i. e.,

( 1=2:1=2) _ (122122 1 N .
max K. =K. =-( +
zZEX 1: (2) 1: 2( )

for 2 ( 1;0).

The proof of Theorem 4.1 can be found in [9], and the proofs of Theorems 4.2,
4.3 can be found in [10].
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Abstract

We consider the action of the automorphism group 1(n) of Z, on the set
of k sets of Z, in the natural way. Although elementary in its nature, it
has not been fully analyzed and understood yet. The vast class of enumer-
ative and computational problems problems is related to this action. For
example, the number of orbits on the set of K sets of Z, is one of them that
we are interested in. Those enumerative problems are mainly resolved by
application of Pdlya’s theory.

1 Introduction

Let 1(n) be the automorphism group of cyclic additive group Z,. We consider
the action of the group 1(n) on the set of elements of Zp, given by

) T tx (t21(n); X2 2Zy):

There is a natural way to induce this action on the set Ok, that denotes the set of
all subsets of Zn of size K. In order to answer to some of the standard enumerative
questions regarding this action, we need to determine the cycle index of 1(n)
acting on Zp. We first find the cycle index of the permutation groups 1(p™) acting
on Zpm, where p is a prime number and then use technique described in [4] in
order to find the cycle index of the product of permutation groups. Consequently,
our goal is to obtain the cycle index of 1(n) acting on Zp.

Besides this combinatorial aspect of the described action, we were interested in
some computational questions as finding the stabilizer of a kK set A Zj. Once
a stabilizer is found, there is a straightforward way to determine the orbit that a
set A belongs to.
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Motivation for this type of action is twofold. Firstly, it is very natural, elemen-
tary group action that, to the best of our knowledge, has not been fully analyzed
and understood yet. There are couple of papers, like |5, 6] that deal with the very
similar things but not in the same fashion.

Another motivation for the action of 1(n) on the set Ok comes from one fact
related to the factorizations of abelian groups. In the case of an abelian group G,
a factorization is a collection of subsets

such that that every element g 2 G has a unique representation g = S1Sp::: Sk,
wheresj 2Bjforl 1 K. ThesubsetsBj; 1 1 K of G are called the blocks
of the factorization.

Suppose the case of factorization of Zmn into two blocks [By; B2] of size m and
N respectively. Given t;S 2 Zyn such that ged(t;mn) = 1, ged(s; mn) = 1, it is
proven that [tB1; sB>] is also factorization of Zmn. That is why it is substantially
enough to have just representatives of orbits of m and n sets for describing all
factorization of Zmn.

2 The notion of (r;Kk) coprime residue set in Z,

In this section, we introduce the notion of a (r;Kk) coprime residue set in Zn and
give their analysis from the algebraic and number theoretical point of view. Here,
by natural number we assume positive integer.

Definition 2.1. Let r; Kk be natural numbers such that gcd(r;k) =1, r <k and
let k be a divisor of natural number n. A set of integers

Ig(n) =fx 2 1(n)jx r (mod k)g
is called (r;Kk) coprime residue set in Zp.
Firstly, we prove that any (r;K) coprime set in Zp is not empty.

Lemma 2.1. Let r;K; “;n be natural numbers such that gcd(r;k) =1, r <Kk and
n =Kk*. Then (r;K)-coprime set |(N) is nonempty.

Proof. We prove for given r;k and n and gcd(r; K) = 1, there exists t such that
ged(r +ut;n) =1
Let p\i/i be a general prime power divisor of Nn. Then, there exists tj such that
god(r + kti;py') = 1

Namely, if p; j K, then p;j - r and t; = 0 suffices. If p; - K, than any number t; such
that
ti6 r=k (mod pj)
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will work. By Chinese Reminder Theorem, there exists t such that
t t (mod pi)

and gcd(r + kt;n) = 1. We need to prove that there exists X 2 1(n) such that
X r(modK). Let x r+kt (mod n). Since kK jn then X r (mod k). Also,
it is easy to see that gcd(x;n) = 1 and therefore x 2 1(n).

a

Lemma 2.2. Let r;K;“ be natural numbers such that gcd(r;k) =1 and r <Kk. It
follows that

K] = (k)i
Proof. According to Lemma 2.1, both sets (k) and 1}(k*) are nonempty.
Let X 2 15(k). It follows that x 1f(k*)  1}(k*). Hence, we have

D MCRTESTH(S)

and therefore

JEKD)] Jh(K)] (1)
Similarly, X 2(k*)  1£(k*) implies
k)i JHEK): (2)

From inequalities 1 and 2, it follows that
(k) = j1EKk)]
a

Lemma 2.3. Let K; “ be natural numbers and K > 1. Then I&(k‘) 18 a subgroup

of 1(K*).

Proof. According to the definition of 1}(k®), it is clear that 11(k*) (k).
Apparently the identity, 1, is in I&(k‘). For any X;y 2 1}(k®), it holds xy 1!
1 (mod k), i.e. xy 12 1}(k*) that concludes the proof. a

Lemma 2.4. Let kK and © be relatively prime natural numbers and K > 1. Then,
it holds

(k) =10):
Proof. Let A be a mapping from 11(k®) to 1(*) defined by
A(X) =xmod *

First, we show that Im(A)  1(*). Let X 2 1}(k*). Then,
x=a‘+bh; 0 b * Since X 2 I}(k*), then by the definition of that set, it
follows that X 2 1(k*). Therefore gcd(X; ) = 1 and consequently gcd(b; ) = 1.
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Thus, b 2 1(“), so we have A(X) 2 1(°).

A is evidently homomorphism, according to properties of modulo operation.

A is one to one. Let X;y 2 I&(k‘) and A(X) = A(Y). From the definition of
I%(k‘), we have X 1 (mod k) andy 1 (modK), so x y (mod k). From
AX) = A(y) it follows X Yy (mod “). Since k and “ are relatively prime numbers,
then X 'y (mod k*), so A is one to one.

A is onto. Let z 2 1(*). We have to find x 2 I&(k‘) such that A(X) = “, or in
other words Xz (mod “) . That X must be of the form 1+ kt, so we should find
such a t for which it holds Xz (mod *). From gcd(k; “) = 1, there exist m;n 2 Z
such that mk+n“ =1, Let usdefinet=(z 1)m,ie. Xx=1+(z 1)mk. Clearly,
X 1 (mod k). Note that x =1+ (z 1)1 n*), thatisx =z+n“(1 2z),
so Xz (mod ‘). Now, we need to prove that gcd(x; ‘) = 1. Let p be a prime
divisor of X and |. Then, p divides z, from which we would have that p j gcd(z; *)
what is impossible since z 2 1 (“). Therefore, gcd(X; k) = 1. At the end, we need
to provide that X < k‘. If x =1+ (z 1)mkK is not less than k* then we should
take x =1+ (z 1)mk (mod k*) and all previously given arguments hold. a

Corollary 2.1. Let r;K; “ be natural numbers such that r <k, gcd(k; “) =1 and
ged(r; k) = 1. Then, it holds

k&= ()
Proof. Tt follows directly from Lemma 2.2 and Lemma 2.4. a

Our goal is to find the cardinality of the set I(k*) when k and “ are not
necessarily relatively prime numbers and when gecd(r;k) = 1. As we sow in
the proof of Lemma 2.1 it holds ged(x;k*) = 1 , ged(X;k‘) = 1 where “Cis
the largest divisor of “ that is relatively prime to K. This gives us idea for the
following lemma.

Lemma 2.5. Let K;© be natural numbers and kK > 1. It follows that
ik®9i= (I
where *Cis the largest divisor of * that is relatively prime to

Proof. According to Lemma 2.3 i(k‘) is a subgroup of (k*). Let us define a
homomorphism S from 1}(k) to I&(k‘(b in the following way

S(x) = x mod k*°

This is evidently epimorphism and Ker(S) = f1 +tk‘°j 0t < g. Therefore,
we have that

ek = i1k
By Corollary 2.1 it follows that jlli(k‘()j = (9 and this concludes the proof. a
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Lemma 2.6. Let K; © be natural numbers and K > 1. Then it follows that

(k).
(k)

ki =

Proof. By Lemma 2.5 it holds that
< Il kn H
(‘(5 — (i k‘( )J

where “Ois the largest divisor of * that is relatively prime to k. Let ¢ = 00
Clearly, ‘%% k. Then gcd(k“%9“® = 1 and therefore (k*) = (k*°§ (*9. Since

0 K then

0§ — 00" 10 _ o0
(k%Y =k @ p) (k)

pik
Therefore,

(k;09 (‘% — <00 (k) ‘qlli‘(k‘)J

what implies

®)
k) =
&) = o,
and k)
-l \: —
k9= @®

a

Corollary 2.2. Let K; “;r be natural numbers such that gcd(r;K) =1 and r < k.
Then,

(k) = :
« (k)
Proof. Tt follows directly from Lemma 2.2 and Lemma 2.6. a

3 Action of I(n) on k sets of Z,

It is well known fact [7] that automorphisms of Z,, are mappings t:Zn ¥ Zp of
the form
t(X) =tx; (X2 2Zp)

where gcd(t; n) = 1. We denote the automorphism group of Zn by 1(n). There is
actually obvious isomorphism between group 1(n) and the multiplicative group
of all positive integers that are coprime to n. Further we will denote by I(n) that
group too, but it will be clear from the context which of those two we have in
mind.
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Consider the following, natural action of the group 1(n) on the additive cyclic
group Zp by multiplication, Zn 1(n) ¥ Zj,

X)) P tx (t21(n); x22Zp)

Naturally, we can extend this action to k setsin Zy. By kK set we assume a set of

let us define multiplication of the set A by an element t 2 Z, in the usual way,
that is

We consider the following type of group action Ok (n) ¥ Ok defined as
(A;t) T tA (t21(n); A20Oy)

If not specified differently, the term action will be further reserved for the one
described above. By ¢ we denote the set of elements of order d in the Zp.
Obviously, ]
Zn = d
djn
and j gqj = (d), where is Euler’s phi function.

3.1 Cycle index of 1(n) and orbits of kK sets of Z,

There is a class of interesting enumerative problems regarding the action of 1(n)
on Ok that principally could be answered by applying Pélya’s theory. There is
a lot of literature about PélyasH™™s counting theory. For instance see [1, 2, 3|.
Frequently, the main combinatorial problem about the action of a permutation
group acting on a set is to determine its cycle index. We determine cycle index
of the group 1(n) acting on Z and show that it contains information about the
number of orbits of K sets of Z. Firstly, we give basic definitions.

Definition 3.1. (Type of a Permutation) Let M be a set with jMj = m. A
permutation 2 Sp is of the type ( 1; 2;:::; m), iff can be written as the
composition of j disjointed cycles of length i, for i = 1;:::;m. Hence, by i( )
we mean the number of cycles of length i in the decomposition of into disjoint

cycles. Shortly, we write !
yn

ctype( ) = il
i=1

Definition 3.2. (Cycle Index) Let P be a set of JPj = n elements and let
be a subgroup of Sp. The cycle index of is defined as a polynomial in n
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The following famous theorem is Pélya’s theorem [10], published in 1937.

Theorem 3.1. Let P and F be finite sets with jPj =n, and let Sp. Further-
more let R be a commutative ring over the rationals Q and let W be a mapping
w:F ¥ R. Two mappings F1;F2 2 FP are called equivalent, iff there exists some

2  such that T; = f,. The equivalence classes are called mapping patterns
and are written as [F]. For every ¥ 2 FP we define the weight W (F) as product
weight Y

W(F):=  w(f(p)):
p2P

Any two equivalent f’s have the same weight. Thus we may define W([f]) := W(f).

Then the sum of the weights of the patterns is
0 1
X

X X X
WA =Z 5@  wy);  wy)Z: wy)"A
[F] y2F y2F y2F
There are extensions of Pélya’s theorem to cases of a different definition of the
weight function and equivalence classes |2|. We will need the following elementary
lemma. For proof, see for instance [9].

Lemma 3.1. Let G = hal be a cyclic group where jGj =n. Then
hadi = hakai if and only if gcd(k;d) = 1.

We prove that the typical orbit of the aforementioned group action is the set
of all elements from (Zn; +) of certain fixed order d.

Lemma 3.2. Let ¢ =fa2 Z,jord(a) =dg where d is a divisor of n. We have
n
e 1(
a =41

Also, ¢ is an orbit under the action of the group 1(n) on Zn.

Proof. According to Lemma 3.1, it clearly follows that ¢ = §1(d). Let X and
y be elements of order d. Then we have X = (n=d)k; and y = (n=d)k, where
ki; ko 2 1(d). Therefore, there exist k 2 1(d) and k; = kky. On the other hand,
Lemma 2.1 claims the existence of an element h 2 1(n) such that h  k (mod d).
Clearly k1  hks (mod d). By multiplying both sides by (n=d) we have X = hy
(mod n). Thus, 1(n) is transitive on the set of elements of (additive) order d. a

Note that mappings from I(n) keep fixed sets ¢ for each d j n. In the
following lemma, we implicitly prove that the group 1(2™) is generated by 3
and 1. This result would be necessary for understanding of action of the group
1(2™) on Zom and consequently finding the corresponding cycle index.

Lemma 3.3. The order of element 3 is 2™ 2 modulo 2™ if m 3. The elements
from om are represented by

( 1)23° where a2 f0;1g and b 2 F0;1;:::;k  3g:

173



Proof. We note

32 = 1+8
3* = 1+16+32t
3% = 1+32+64u

for integers t and u. By induction, 3 is of order 2™ 2 modulo 2™, if m 3. For
the second part, it is enough to show that

( )36 32 (mod 2¥); for bi;by 2 F0;1;:::;k  3g:
If not so, we would have
8j3°+1
where b =jb;  byj. This is not possible since 3> +1 2 or 4 (mod 8). a
Lemma 3.4. Let Tj; 05 be mappings from om to om, m 3 defined by
fj(x) :==3Ix and gj(x) = 3Ix;
forj 1. Letsj be order of fj 2 (2™). Then
ctype(fj) = (s;')
where Uj = 2™ 1=sj. Note that ctype(gj) = ctype(f;).

Proof. Consider the mapping fj 2 1(2™). Let Xo 2 2m be arbitrary element.
Since f7(Xo) X0 (mod 2™) if and only if s 0 (mod sj), then it is clear that
every cycle must contain exactly Sj elements. Since the order of gj is equal to
order fj, conclusion ctype(gj) = ctype(fj) follows easily. a

The following lemma is explaining how the number of orbits of the permutation
group I (n) acting on Ok can be determined, once the cycle index of 1(n) acting
on Zp is determined.

Lemma 3.5. The number of orbits in the action of 1(n) on the Ok is equal to
the coefficient of X< in

Proof. We apply Pélya’s theorem 3.1. Let F = fin;outg and P = f0;1;:::;ng.
This means that functions ¥ 2 FP are actually characteristic functions of subsets
in Z,. Let us define w(in) = x and w(out) = 1. Then, the weight of characteristic
function  of a K set is

W (f) = xK

Thus, the number of orbits of k sets in the given group action is the coefficient
of XK in
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Therefore, we need to determine the cycle index of 1(n) acting on Z,. The
following lemma considers the case of 1(p™), where p is an od prime number. As
it has been well known, this group is cyclic |7] and therefore it is trivial to find
its cycle index.

Lemma 3.6. Let p be an odd prime. The cycle type of the permutation group
(P™) acting on Zpm s

e X Y v(i:k).
Z(pmyzom)(X1i X2 1 Xpn ) = X Xy
k=1 =1
where r =p™ Y(p 1), v(i;k) = ged(k;p' (p 1)) and

p' Xp 1),

ulil =61

Proof. 1t is well known that in the case of odd prime p, the automorphism group
1(p™) is cyclic [7]. Let be a generator of 1(p™). According to Lemma 3.2,
I (p™) is transitive on each set g, for d j p™. Note that j 5j = p' 1(p 1) and
iteEMj=p™ Y(p 1). Now it is easy to see that

y 1
ctype( )=x13 X )
i=1
Since every element in 1 (p™) is a power of , the rest of the conclusion follows
trivially. a

The much more complex case is the cycle index of the group 1(2™) when
m 3. This is the special case since 1(2™) for m 3 is not cyclic group. That
case remains unresolved yet, but the authors are getting very close to the answer.

3.2 Cycle index of direct product of permutation groups

When one find the cycle indices of all groups 1(p™) when p is a prime number,
there is a natural question if there exists a way to combine them together in order
to obtain the cycle index of 1(n), where n is the product of those prime power
components. Hence, we need something like the cycle index of the direct product
of permutation groups.

Let G1;G2 be permutation groups acting on sets Xj; Xz respectively. Let
G =G; Gyand X =X; Xz be the direct product of corresponding groups
and sets. For an element X = (X1;X2) of X and an element g = (g1;02) of G, we
define the action of g on X by

(9;2) A (g91X1;92X2)

Evidently, G is a permutation group on X. Let P and Q be polynomials

X o )
et e e — 1 n...ylu-
P(X1; X200 Xy) = Qiyipiy X1 X5 LI Xy
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X o _
QX1 X211 1iXy) = by XA xE2 11y

In [4] the following product operator was defined

X Y ; .
P~Q= Qiqiy iy bjljzz::jv (X|1 ~ qu'?);
11 u
1 myv
where i gedctm)
i1 _ yJm — yI1Jm gca(m
X"~ Xm = Xiem@;m)

We need the following lemma. For proof, see [4] and [5].

Lemma 3.7. The cycle index of the natural action of permutation group G1 = G2
on X1 X2 induced by actions G1 on X1 and Gz on Xz can be expressed as:

26y Goxa X2) = Z(Giix1) T £(GaiXa):

Let n= Q iS=1 p;'. Applying the ring isomorphism

it follows that
M
1(n) = I

Hence, according to Lemma 3.7, we have
Zamizn) =20, 12, 1)~ 4
P17 Py 2

Once the cylce index for the group the group (2™) is found, the cycle index
Z(i (n):z,) can be calculated as above. Hence, in order to find the number of
orbits in the action of 1(n) on Ok we just need to apply result from Lemma 3.5.

4 Conlusions

In this paper we studied problem of finding cycle index of the automorphism group
1 (n) of Z, acting on the set of kK subsets of Z,. At the beginning we explained
some algebraic and number theoretical questions regarding the group 1(n). In the
section 3.1 we deal with the problem of finding the number of orbits in the action
we introduced before. That problem, as it has been explained, could be resolved
component wise considering the action of the group I(p!), where p is a prime
number. In the Lemma 3.6 we resolved the case of 1(pt), where p is an odd prime
number. However, the cycle index of the group I(2!) still remains unresolved.
Authors are very close to completing that case and that is the important part of
the future research.
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Originalni nau¢ni rad

Abstract

U radu je predstavljena nelinearna metoda konaé¢nih zapremina za diskre-
tizaciju difuznog terma, sa osvrtom na primene u modeliranju bunara u
jednadini podzemnog strujanja. Metode kona¢nih zapremina predstavljaju
familiju metoda za numeri¢ko reSavanje parcijalnih diferencijalnih jednacina
zadatih u konzervativnoj formi. Ove metode garantuju lokalno odrzanje §to
je od znacaja u velikom broju problema dinamike fluida.

Klasi¢na metoda konaé¢nih zapremina, gde je difuzni fluks aprok-simiran
kona¢nom razlikom, zadovoljava princip maksimuma, ali je u op§tem slucaju
nekonzistentna. Numeric¢ki primeri pokazuju da je nelinearna metoda prika-
zana u ovom radu drugog reda tacnosti i u anizotropnom, diskontinual-
nom slu¢aju na proizvoljnim mrezama. Predstavljena metoda ne zadovol-
java princip maksimuma, ali garantuje pozitivnost re§enja. Diskretizacijom
se dobija M-matrica, §to garantuje egzistenciju i jedinstvenost numeri¢kog
reSenja.

U okolini bunara reSenje se ponasa logaritamski sa singularitetom u
centru bunara, $to rezultuje velikom greskom u odnosu proticaja i nivoa
u bunaru. Predstavljena je metoda za diskretizaciju fluksa na bunarskim
stranama koja znacajno smanjuje ovu gresku.
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1 Uvod

Stacionarno stanje podzemnog strujanja na domenu matemacki opisujemo gra-
niénim problemom:

r ou=gs (1)
u= Krh; (2)
h=gp na p; (3)
UN=gy na n; (4)

gde je U brzina, g je term koji opisuje izvore/ponore, h je nepoznati hidraulicki
potencijal, a n je spoljna jedini¢na normalana @ . Anizotropni tenzor koeficijenta
filtracije K je simetri¢an i pozitivno definitan sa moguéim prekidima samo u
stranama mreze. Jednacina (1) predstavlja odrzanje mase, dok je (2) Darsijev
zakon.

Anizotropija i prekidnost tenzora koeficijenta filtracije predstavlja veliki prob-
lem za numericko resavanje jednaline podzemnog strujanja. Metode konaénih
elemenata mogu dovesti do pojave oscilacija u reSenju. Ovi problemi ne postoje
kod klasi¢ne metode kona¢nih zapremina, gde je numeric¢ki fluks aproksimiran
kona¢nom razlikom. Medjutim, klasi¢na metoda konacnih zapremina nije ni pr-
vog reda tacnosti na proizvoljnim mrezama [10].

Nova familija nelinearnih metoda kona¢nih zapremina predstavljena u [3, 8,
9, 10, 16, 17, 18] je drugog reda ta¢nosti ¢ak i u diskontinualnom neizotropnom
slu¢aju na proizvoljnim mrezama. Ove metode generiSu M-matrice uz pomod¢
nelinearne aproksimacije fluksa pomocu dve tacke. Zahvaljuju¢i ¢injenici da je
dobijena matrica M-matrica garantuje se pozitivnost reSenja. Drugi red ta¢nosti
i pozitivnost reSenja su dobijeni po ceni reSavanja nelinearnog sistema jednacina.

U ovom radu razmatramo podzemno strujanje koje je najve¢im delom posled-
ica prisustva bunara. U svakom bunaru je zadat hidrauli¢ki potencijal ili proticaj
(izdasnost).

Usled raznih mehanickih, hemijskih i biologkih procesa dolazi do stvaranja
kolmiranog (zapusenog) sloja duz zida bunara [4]. Kolmirani sloj stvara dodatnu
hidraulicku otpornost, pa je proticaj kroz bunar odredjen jednacinom:

Q=A (hy hy); (5)

gde je hy hidraulicki potencijal na spoljasnjem zidu bunara, hy je hidrauli¢ki
potencijal u bunaru, Q je proticaj, A je povrgina filtera bunara, = K¢=d; je
transfer koeficijent, K¢ je koeficijent filtracije kolmiranog sloja, a d¢ je debljina
kolmiranog sloja.

U okolini bunara resenje jednacine (1) se ponasa logaritamski sa singularitetom
u centru bunara, §to rezultuje velikom greskom u odnosu proticaja i nivoa u
bunaru. Pored toga u okolini bunara se gubi drugi red tacnosti.

Problem modeliranja bunara je ¢esto razmatran u literaturi [2, 5, 6, 11, 12, 14].
Najcesc¢e koriséeni metod za diskretizaciju bunara je Pismanov model [11, 12].
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Ovaj metod originalno formulisan za metodu konacnih razlika je preformulisan
za razli¢ite metode [2]. U ovom radu je predloZena jedna drugacija diskretizacija
fluksa izmedju bunara i porozne sredine koja kao i Peaceman-ov model prevazi-
lazi probleme sa tatnoscu proticaja. Iako znacajno smanjuje gresku u proticaju
predlozena diskretizacija nije drugog reda.

U poglavlju 2 predstavljena je diskretizacija koja garantuje pozitivnost resenja
zasnovana na radovima [3, 16]. PredloZena korekcija za diskretizaciju fluksa na
bunarskim stranama je opisana u poglavlju 3. ReSavanje nelinearnog sistema
je opisano u poglavlju 4. Egzistencija i jedinstvenost resenja u svakoj iteraciji
dokazani su u poglavlju 5, dok je pozitivnost reSenja dokazana u poglavlju 6.

2 Diskretizacija

Domen je izdeljen na mrezu koja se sastoji od poliedarskih celija. Za svaku celiju
T definiSemo tacku kolokacije X1 u njenom tezistu i pridruzujemo joj diskretnu
vrednost hidraulickog potencijala ht. Za tacke kolokacije u grani¢nim stranama
uzimamo tezista i pridruzujemo im diskretnu vrednost hidraulickog potencijala
hg. Pomoénim tackama kolokacije nazivamo teziSta strana na kojima postoji
diskontinuitet u koeficijentu filtracije.

Integracijom (1) po svakoj od ¢elija mreze T

z Z
r ud = gd (6)
T T
i primenom teoreme o divergenciji na levu stranu jednakosti dobija se:
z Z
u nds= gd ; (7)
0T T

gde je @T granica ¢elije T i n spoljadnja normala na @T. Poslednju jednakost

mozemo zapisati u obliku X Z
ur= gd ; (8)
20T T
gde je ug fluks kroz stranu T dat sa:
Z Z
Uf= U ngds= (Krh) ngds: (9)
f f

Pretpostavimo za pocetak da je tenzor K neprekidan u strani f. Kako je K
simetri¢an tenzor vazi da je (Krh) ng = (Kn¢) rh. Obelezimosa ‘¢ = Kng. Za
takav vektor ‘ £, skoro uvek je moguce je naci tri vektora tj, tako dasuti = X; X,

gde su X; tacke kolokacije, odnosno tj = fy, U sluc¢aju da je fy; granic¢na strana
na kojoj je zadat Nojmanov grani¢ni uslov. Prema tome:
¢ X3 t;
L= i (10)
rel o Jti)
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pri ¢emu zahtevamo da su koeficijenti j 0. Koeficijente j dobijamo resavanjem
sistema (10). U retkim slucajevima nije moguce takve vektore da su koeficijenti
i 0, tada je potrebno dodati tacke kolokacije u sredistima ivica |3 ili ¢vorovima

[16, 17].
Na osnovu jednakosti za izvod u pravcu

@h Y
@v I\J -

i jednacine (10), fluks (9) kroz stranu f moZemo predstaviti kao:

Z z z
‘ LR ti RS oh
ug = (‘¢ rh)ds= j ¢j i o rhds= jj i ——ds: (12)

Parcijalne izvode u pravcu mozemo aproksimirati kona¢nim razlikama:

@h h; bhy
=~ ———; 13
@t; Jti) 19)
odnosno u slucaju tj = ‘fNi
O o OO, (14)
@ti J fNiJ JIfNIJ

gde je gn(Xi) srednja vrednost funkcije gy na strani sa tezisStem Xj. Zamenom
aproksimacija (13) i (14) u jednacinu (12) dobijena je aproksimacija fluksa:
X .
ur  J lif] jTIJ (hi  hr)+re; (15)
- i
1

gde je r¢ doprinos grani¢nih strana sa zadatim Nojmanovim uslovom:

X X
o= feiifi MK, (16)
K J £y J

Svaka unutragnja strana f pripada dvema celijama T* i T , pa prema tome
postoje dve aproksimacije fluksa gde u svakoj ucestvuje po Cetiri diskretne vred-
nosti hidraulickog potencijala. Cilj je da se dobije aproksimacija koja koristi
diskretne vrednosti hidraulickog potencijala samo u ¢elijama T i T , a to se
postize linearnom kombinacijom aproksimacija fluksa kroz stranu T koje odgo-
varaju ¢elijama T* i T

e P
Us ' ifl s e b+ -
e P
+ Jeifi s by b+ oy g
J
pri éemu vazi da je:
+ + =1: (18)
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Koeficijente biramo na takav na¢in da se skrate sve diskretne vrednosti hid-
raulickog potencijala osim onih u ¢elijama T i T . Drugim retima zahtevamo
da je:

X .
+d+ + d = 0, d = " ! -hi . (19)
ier Ili)
Primetimo da su d 0, ukoliko su h; 0.
Resavanjem sistema jednacina (18) i (19) dobijamo da su
d d+
T d +ds d +ds (20)
ako je d +d4+ > 0. Ukoliko jed + d+ = 0 postavljamo = 0:5.
Sa ovako izabranim koeficijentima aproksimacija fluksa (17) koristi samo
dve diskretne vrednosti hidraulickog potencijala:
Uf Mi-:'-hT+ Mf hT + rf (21)
- X i +
Me = J ¢iifj — F= 4I re: (22)

jtij’

1
Obratimo paznju da koeficijenti Mg zavise od diskretnih vrednosti hidrauli-ckog
potencijala, te je stoga dobijena aproksimacija nelinearna.
Ukoliko koeficijent filtracije K ima prekid u strani T ili ako je to grani¢na
strana, ovu stranu mozemo posmatrati kao éeliju zapremine nula. Ekvivalentim
izvodjenjem kao za jednacinu (15) dobijamo:

X .
ug ' iifi J'TIJ (hi he)+r¢ (23)
i i

pri ¢emu su u ovom slucaju vektori tj = X; Xg. Istim izvodjenjem kao i za
jednacinu (21) dolazimo do:

ug Nht Nghe +rg: (24)

Ukoliko je f 2 p jednacina (24) se koristi za aproksimaciju fluksa, a diskretna
vrednost hidraulickog potencijala u takvoj strani se izra¢unava direktno iz gra-
ni¢nog uslova:
ht = go(X+): (25)
U slu¢aju da je T strana u kojoj je tenzor K ima prekid, postoje dve ovakve
aproksimacije:
ug N +h-|—+ N;_hf + r;“; Us N hy + N he e (26)
Njihovim kombinovanjem moZzemo dobiti vrednost koncentracije u strani f:
o N*hr+ +N hy +rf +rg
- N + N,

(27)
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Slika 1: Diskretizacija bunara

Eliminisanjem hg iz jednacina (26) i njihovom linearnom kombinacijom opet do-
bijamo jednacinu (21), pri temu su:

N N _ Nerg Nire

M = re =
f TN N

- N . 28
N, (28)

Fluks kroz stranu ¥ 2 n dobijamo iz:
ur = gn (X£)jfJ; (29)

Diskretne vrednosti hidraulickog potencijala hg, kada je ¥ 2 N, dobijamo iz
jednacina (24) i (29).

3 Diskretizacija bunara

Bunar je predstavljen cilindri¢nim celijama (Slika 1) ¢iji je polupre¢nik jednak
poluprecniku bunara. Grani¢ni uslov u bunaru je zadat na donjoj kruznoj strani
najnize ¢elije. Tok kroz cev bunara je modeliran Hagen-Puivilovim zakonom [15],
odnosno fluks kroz strane izmedju bunarskih ¢elija je dat sa:

r2g hr- by

ur =17 8 kxy+ X7 k;

(30)

pri ¢emu je r polupre¢nik bunara, je gustina vode, g je gravitaciona konstanta,
a je dinamicka viskoznost vode. Jednacinu (30) mozemo predstaviti kao (21)
pri ¢emu su:

r’ g if :
8 kxt+ x7 k’
Kada je na grani¢noj strani bunara zadat hidraulicki potencijal, fluks je aproksimi-

M; =M, =

rg =0: (31)

ran sa (24), pri ¢emu je:
r’g jfj

N = Nf = :
f 8 kxt xgk

rg =0: (32)
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Kada je na grani¢noj strani bunara zadat ukupni proticaj kroz bunar, diskretnu
vrednost hidraulickog potencijala u toj strani nalazimo iz prethodne jednacine.

Fluks na stranama izmedju bunara i porozne sredine mozemo aproksimirati
na nalin opisan za strane gde postoji prekid u koeficijentu filtracije (26). Pri
¢emu je fluks izmedju strane i bunarske celije aproksimiran kona¢nom razlikom.
Ovakvom aproksimacijom fluksa dolazi do velike greske hidraulickog potencijala
odnosno proticaja u bunaru, ako je u bunaru zadat proticaj odnosno hidrauli¢ki
potencijal.

Poznato je da je u analitickom slu¢aju homogenog izotropnog cilindra [7] pro-

ticaj kroz bunar zadat sa:
h h
Q=AK T, (33)
rint
gde je hy hidrulicki potencijal u poroznoj sredini tik do kolmiranog sloja bunara,
hr hidruli¢ki potencijal na udaljenosti R od bunara i K je izotropni koeficijent
filtracije porozne sredine.
Ideja je da se iskoristi proticaj (33) za racunanje fluksa kroz strane izmedju
bunara i porozne sredine. Neka se strana F nalazi izmedju bunarske éelije W i
celije porozne sredine T. Tada je na osnovu (33) fluks kroz stranu f:

hT hr .
rin 1)’

r

ur  JFIK (34)

gde je r polupretnik bunara, a (XT) udaljenost tacke Xt od centralne ose bunara.
Sa druge strane na osnovu (5) fluks je:

ur =jfj (hr  hw): (35)
Kombinacijom jednacina (34) i (35) dobijamo jednacinu oblika (21), odnosno:
ur  M{hr Mg hw; (36)
gde su:
ifi K

rIn@ +K'

M; =M, = (37)

U slucaju homogene anizotropne sredine potrebno je koordinatnim transfor-
macijama tenzor koeficijenta filtracije svesti na jedini¢nu matricu
4 Pikarove iteracije

Vrednosti Mg i r¢ u jednacini (21) zavise od diskretnih vrednosti koncentracije,
jer zavise od koeficijenata preko jednacine (22). Prema tome diskretizacija
opisana u odeljcima 2 i 3 daje sistem nelinearnih jednacina:

A(h)h =b(h); (38)
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gde je h vektor nepoznatih diskretnih vrednosti ht.
Ovakav sistem je moguce resiti na razlic¢ite nacine, recimo Pikarovim metodom:

A(h™Mh"*1 =ph"): (39)

ReSavanjem linearnog sistema (39) pocevsi od nekog pocetnog resenja h® dolazimo
do sledeée Pikarove iteracije. Ovaj postupak nastavljamo sve dok ne bude ispunjen
kriterijum konvergencije:

KA(h™h"  b(hMk _

r(h™) = Khik ;

(40)

za zadato , ili dok se ne dostigne maksimalni broj iteracija.

5 Linearni sistem jednacina

Matrica sistema A(h) u jednacini (38) je dobijena sastavljanjem (asembliranjem)
matrica 2 2: I

MS M
Mg = A f ; (41)
Mg Mg
za unutradnje strane i 1 1 matrica Mg = N za granitne strane sa zadatim

Dirihleovim uslovom. Pri tome su Mg koeficijenti iz jednaline (21), a N je
koeficijent iz jednacine (24). Iz jednacine (22) sledi da su ti koeficijenti pozitivni
ukoliko vazi hj 0, za svako i. Prema tome dijagonalni elementi matrice A(h) su
pozitivni, dok van glavne dijagonale nema pozitivnih elemenata. Kako je matrica
A nastala sastavljanjem matrica Mg, zbir svake vrste je nenegativan. Osim toga
matrica Mg je nesvodljiva za povezane mreZe, pa je i matrica A nesvodljiva. Ovim
su ispunjeni uslovi za poznatu teoremu linearne algebre [1]:

Teorema 5.1. Neka je A nesvodljiva kvadratna matrica koja van glavne dijago-
nale nema pozitivnih elemenata. Tada je A M-matrica ako je

Ax > 0; (42)
za neki strogo pozitivni vektor X.
Egzistencija i jedinstvenost resenja linearnog sistema (39) sledi iz ¢injenice da
postoji inverz M-matrice [13].
6 Pozitivnost reSenja

Elementi desne strane sistema (38) su:

Z X X
br(h)y=gd + N¢dp:f ifion:s; (43)
T 2 5 2
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za svaku Celiju mreze. Ukolikosug 0,9p 0ign O, svi elementi vektora b(h)
su nenegativni. Za M-matrice vazi da su svi elementi njenog inverza nenegativni
[13]. Prema tome vazi da je hK 0, k 1, ako za zadato potetno refenje vazi
h® 0. Time je dokazana pozitivnost regenja.

7 Numeric¢ki primeri

Primer 7.1. Prikazan je problem iz [16] gde je koeficijent filtracije anizotropan i
prekidan. U jedini¢noj kocki u delu 1 = f(X;y;z) 2 jx < 0:5g dat je koeficijent
filtracije Kq, dok je u delu 2 = f(X;y;z) 2 jx > 0:5g dat koeficijent filtracije

Ka: 0 1 0 1
310 10 3 0

Ki=@1 3 0A; K,=@3 1 0A: (44)
001 0 01

Term Qs je izabran tako da je analiticko resSenje dato sa:

1 2y?+4xy+2y+6x; x<O05;

hOGy;2) = 35 2y?+2xy+x+3y; x 05

(45)

Na granici X = 0 zadat je analiti¢ki hidraulicki potencijal, dok se na svim os-
talim granicama zadaje analiticki fluks. Za ocenu greske hidraulickog potencijala

Slika 2: Mreza h=1/10 u primeru 7.1.

i fluksa korigéene su Ly i maksimalna norma:

P . 1=2
o ghxt)  hr)T] (46)
20 (hxr)AT] ’
P !
o eu(xe) ne  up)?fj (47)
2 " fuxe) ne)df '
- p maxt jh(xt) _ hrj (48)

C (AT 7T
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" maxf ju(Xf) Ng  Ugj .
max = — P iz (49)
sUXs) ne)?jfj= ¢ jfj

Tabela 1: Greske u hidraulickom potencijalu i fluksu u primeru 7.1.

h nh "h Yy ny
2 max 2 max

1/10  0.00205541  0.0292998  0.00519191  0.0349371
1/20 0.000463163 0.00683567  0.00235716  0.0144156
1/40 8.86811e-05 0.0019212 0.0011501  0.00822886
1/80 2.16327e-05 0.00061031 0.000560393 0.00564582

Rezultati u tabeli 1 pokazuju da je nelinearna metoda drugog reda tacnosti,
bez obzira na anizotropiju i diskontinuitet u koeficijentu fitracije.

Primer 7.2. Neka se bunar poluprecnika r nalazi u centru izotropnog cilindra
polupretnika R. Neka su zadati hidrauli¢ki potencijal na omotacu cilindra hr
i hidrauli¢ki potencijal u bunaru hy. Fluks je nula na bazama cilindra. Tacno
reSenje je dato sa:

heInR +hgln-
r R r; (50)

h =
) e
pri ¢emu je udaljenost od centralne ose bunara, a hy je hidrauli¢ki potencijal u
poroznoj sredini tik do bunara koji se nalazi izjedna¢avnjem jednacina (5) i (33).

Zadate su vrednosti R = 200m, hg = 100m, h,, = 50, a transfer koeficijent
bunara je izabran tako da je hy = 60m. Izotropni koeficijent filtracije je K =
le 4. Visinafiltra je H = 10m. U tabeli 2 su prikazani rezultati dobijeni na istoj

Slika 3: Mreza kori§éna za dobijanje rezultata u tabeli 2.
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Tabela 2: Proticaji u bunaru

r Analiticki proticaj Numericki proticaj

bez korekcije sa korekcijom

0.5 0.04195 0.00768 0.04253
0.1 0.03307 0.00161 0.03343
0.05 0.03030 0.00081 0.03060

mrezi sa razli¢itim polupre¢nikom bunara. Rezultati pokazuju da koriSéenjem
korekcije fluksa (poglavlje 3) proticaji u bunaru imaju gresku manju od jednog
procenta. Bez koris¢enja korekcije greske u proticajima su ogromne.

8 Zakljucak

U radu je prikazana jedna varijanta nelinearne metode konac¢nih zapremina. Doka-
zana je nenegativnost reSenja, kao i egzistencija i jedinstvenost reSenja linearnog
sistema. U primeru 7.1 numericki je pokazana tac¢nost drugog reda.

Zbog logaritamske prirode reSenja, standardne numericke metode daju neta-
¢an odnos proticaja i hidraulickog nivoa u bunaru. Takodje, u okolini bunara se
gubi drugi red tac¢nosti. U primeru 7.2 prikazano je znacajno smanjenje greSke u
proticaju u bunaru. Iako predlozena metoda znacajno smanjuje gresku, gubi se
drugi red tacnosti.
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Apstrakt

Furijeova transformacija (FT) ima §iroku primjenu u mnogim oblastima
nauke i tehnike gdje se proucava frekvencijski spektar signala, prostiranje os-
cilacija ili zra¢enja koje su funkcija promjene amplitude neke veli¢ine (veoma
Cesto elektri¢nog signala) u zavisnosti od vremena. Zbog svoje velike prim-
jene u obradi signala razvijeni su brzi algoritmi za njeno ratunanje (brza
Furijeova transformacija). Brzo ra¢unanje FT je i danas predmet nau¢nog
interesovanja kao i osnovna motivacija ovoga rada. Posto su Ermitovi poli-
nomi, odnosno Ermitove funkcije, jedne od sopstvenih funkcija F'T, to znati
da se odredivanje FT signala moZe svesti na linearnu interpolaciju signala
Ermitovim funkcijama (¢ine bazu ortogonalnih funkcija), na osnovu kojih
direktno slijedi FT signala. Na ovaj na¢in se otvara pitanje brzine i ta¢nosti
linearne interpolacije signala Ermitovim funkcijama. U ovom radu bice
prikazana simulaciona analiza dobijenih rezultata FT signala primjenom Er-
mitovih polinoma sa analiti¢kim vrijednostima FT signala.

1 Osnovni pojmovi

1.1 Furijeova transformacija

Definicija 1.1. [Furijeova transformacija.| Furijeova transformacija Fff(t)g =
F(i?) funkcije t @ f(t) definisana je integralom
Z,
F(i1) = f(t)e "''dt; pri cemu je i imaginarna jedinica: (1)
1
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Dakle ako postoji nesvojstveni integral sa desne strane relacije (1), funkcija
F predstavlja Furijeovu transformaciju funkcije . Oznacimo sa G(R) familiju
apsolutno itegrabilnih, dio-po-dio neprekidnih funkcija¥. Pretpostavimo, takode,
da funkcija T ima ograniCen broj ekstrema (maksimuma i minimuma), odnosno
da zadovoljava Dirihleove uslove. Funkcija moze imati beskonac¢an broj tacaka
prekida, ali samo kona¢an broj na svakom kona¢nom intervalu.
Moze se definisati i inverzna Furijeova transformacija koja, pod odredenim
uslovima, vraca originalnu funkciju
Z,
_1 ety -
f(t)—z— . F(l)e' 'dl: (2)

Napomenimo da prethodne definicije Furijeove transformacije i inverzne Fu-
rijeove transformacije (Furijeov par) nisu jedinstvene. U literaturi mogu naci
drugacije definicije u odnosu na definicija (1) i (2). Tako Furijeova transformacija
moze biti definisana sa ([1])

Z,

F(i!) = 1912— f(te "tdt; (3)
1
a njena inverzna FT sa
1 41 -
f(t)=192: F(i1)e'tdr: (4)
1

Napomena 1.1. MoZe se definisati i uopStena Furijeova i inverzna Furijeova
transformacija koristedéi proizvoljne konstante i
S

—7

F(i1) = (Zj)i f(t)e | 'tdt; (5)
S——7 1

F(t) = (ZJ)L F(in)e 'td1 (6)

Prethodno udevedene definicije ne mijenjaju smisao F'T, veé¢ su u osnovi samo
oblici pogodni za odredenu klasu primjena.

1.2 Ermitovi polinomi i Ermitove funkcije

Definicija 1.2. |Ermitovi polinomi| Posmatrajmo funkciju Y (s) = et Sz, gdje

je s kompleksna promjenljiva a t realan parametar. Funkcija Y nema singulariteta
u konacnoj S-ravni, pa se moze razviti u Tejlorov red, u okolini tagke s = 0, koji
je konvergentan za svako kona$no s. Prema tome, imamo razvoj ([2,3])

R
YFunkcija f je apsolutno integrabilna ukoliko je 11jf (t)jdt < 1 . Funkcija je dio po dio
neprekidna na cijelom R ako je dio po dio neprekidna na svakom kona¢nom intervalu (a;b).
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2st 2 _ R i
et =" Ha) (7)
n=0 )
gdje su
x4 (ko

e8ery=" UGy ®

Ho() = ( D" dtn ‘o ki(n 2Kk)!

Ermitovi polinomi, dok je funkcija S ® Y (S) generatrisa Ermitovih polinoma.

Napomena 1.2. Ermit je 1864. godine definisao polinome Hp. Medutim, jos
1859. godine je Cebigev definisao ove polinome, pa se zato u literaturi nazivaju
i Cebigev-Ermitovi polinomi. Interesantno je napomenuti da se u literaturi i
polinomi definisani izrazom

=21
g(e t2=2) — n| R ( 1)k Xn 2K (9)
dtn L K 2Ky 2

Hen(t) = ( 1)"et’™2

takode zovu Ermitovi polinomi.

Napomena 1.3. Ermitovi polinomi Hp(t) predstavljaju takode jedno partiku-
larno rjesSenje diferencijalne jednacine

d?y ) dy —0
Fre) 2ta +2ny =0; (10)

koja se naziva Ermitovom diferencijalnom jednacinom.

Navedimo sada prvih nekoliko Ermitovih polinoma (8), i njihovu rekurentnu
relaciju:

Ho(t) = 1;

Hi(t) = 2t;

Ho(t) = 2+ 4t%

Hi(t) = 12t +8t3;

Ha(t) = 12  48t% + 16t%;
Hs(t) = 120t 160t3 + 32t°;

i Ermitovi polinomi zadovoljavaju rekurentnu relaciju
Hn(t) =2tH, 1(t) 2(n DHp 2(t); n>1: (17)
Definicija 1.3. [Ermitove funkcije| Funkcija t ®  (t) definisana sa
n(®) = Ha(De ©7; (18)

gde je Hp n-ti Ermitov polinom, naziva se Ermitovom funkcijom.
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Napomena 1.4. Ermitove funkcije o; 1; R ¢ine ortogonalan skup na
intervalu ( A; 1), jer vazi
Z, Z,
n(®) m®dt= Hn(OHm(®e Pdt= P20 (19)
1

gdieje nm =0, N & mi pn =1 Relacija (19) takode pokazuje i ortogonal-
nost Ermitovih polinoma sa tezinskom funkcijom w(t) = e ) Zapravo, moze
se pokazati da Ermitove funkcije ¢ine bazu na familiji kvadratno integrabilnih
funkcija ([2]).

Napomena 1.5. Ermitove funkcije n(t) predstavljaju takode jedno partikularno
rjeSenje diferencijalne jednacine

d?z o~
d2+(2n+1 )z =0: (20)

1.3 Furijeova transformacija Ermitove funkcije

Lema 1.1. Ermitova funkcijat @ ,(t) predstavlja jednu od sopstvenih funkciju
Furijeove transformacije
Z,
— iTtgy — . _pi \nN.
Ff ng= n(e “ddt= (1), = 2 ()™ (21)
1

Ova osobina je interesantna jer omogucava direktno odredivanje F (f(t)) bez
ratunanja integrala ako je funkcija f predstavljena u vidu linearne superpozicije

Ermitovih funkcija o; 1;:::; n 1.

Dokaz 1.1. Da bi dokazali relaciju (21) primijenimo FT na diferencijalnu jednac¢inu
(20). Na osnovu elementarnih svojstava FT kojih dobijamo da je

. . Z(i
(1y?z@in+@n+1) (i )Zd d.('z ) —o;
odakle neposredno slijedi
d?z (i) oy
T+(2n+1 19Z(@(1)=0:
c1ml%Je jednacina (21) dokazana: F( n(t)) = n(1). Nije tesko pokazati da je

2 ()™

1.4 Linearna interpolacija funkcije

Svaka funkcija t A f(t) se moZe predstaviti kao linearna superpozicija pogodno
izabranih elementarnih funkcija ho(t); h1(t); hp 1(t) na sledeéi nacin

f =cohg +c1hy + +cqh 1hn 1+": (22)
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Pri tome su Ck, kK R 0;n 1, konstante koje se mogu dobiti iz minimuma kvadratnog
kriterijuma J = :"z(t)dt. Dobijeni izraz (22) predstavlja jednu od linearnih in-
terpolacija funkcije ¥ funkcijama hyg na intervalu (a;b). Iz n uslova @J=@ckx = 0;
se dobija N jednacina sa N nepoznatih konstanti ¢k, K=0;n 1,

X1 Zy Zy
Cm h(hm ()dt = f()hm(t)dt: (23)

m=0 a a

Ako se u prethodnoj relaciji (23) pretpostavi da funkcije ho(t); h1(t);  ;hn 1(t)
¢ine bazu ortogonalnih funkcija na intervalu (a;b), tj. pretpostavimo li da vazi

Z b Z b
h®hm®)dt = h(Hdt; (24)
a a
tada rjesenje jednacina (23) dobija jednostavnu formu
Ry
f(t)h(t)dt
k= R—"— (Ohk(t) ; k=0n 1: (25)

Y h2(t)dt

pomenimo da u grani¢nom procesuzan ¥ 1 (" B 0) relacija (22) postaje
h = izo ckhk pod odredenim uslovima. Kao §to se da primijetiti, ortogonalne
funkcije odnosno ortogonalni polinomi ([2,3]) imaju veoma veliku primjenu, ne
samo u matematici, nego u mnogim oblastima nauke i tehnike.

2 Primjena Ermitovih polinoma za odredivanje FT

Neka postoji Furijeov par F; T dobijen na osnovu definicija (1) i (2). Koristedi
linearnu interpolaciju funkcije ¥, odnosno F, pomoc¢u Ermitovih funkcija koje
¢ine bazu o, 1, ; n ortogonalnih funkcija u intervalu ( 1; 1) dobijamo, na
osnovu relacija (21)- (25),

X R )
f(t)= Ch n()=  CpHn(t)e ¥72; (26)

n=0 n=0

¢ija je F (F(t)), na osnovu relacije (21), jednaka

» b3
Fin="2" ()Ca M ="2 " ( )CaHa(e 2 (21)

n=0 n=0
dje su
° R f(t) (Hdt R f(OHA(De =24t
Ch=-Ltp_" =1 /50" : (28)

n T 20! C2nn! '

Primjenom Ermitovih polinoma za rac¢unanje inverzne FT funkcije F
b S R 2l
Fi)= C, n()= CpHn(Y)e ' (29)

n=0 n=0
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na osnovu relacije (21) dobijamo da je F 1(F(i!)) jednako

1 )4 N 1 )4 N t2=2
f(t) = p— (i)'C, n(t) =p= (i)'C, Hn(be : (30)
2 n=0 2 n=0
gdje su R, _ R, ' oy
1 Frg!) n(Hd! 1 F(l!r)‘Hn(!)e e d! _
=n- = 2nn! B = 2nn! '

(31)

Ocigledno je, na osnovu relacija (26) i (30), da postoji veza izmedu konstanti
1 o~

Ch= {92:(I) Ch: (32)

Ako je Furijeov par definisan sa (3) i (4), jednostavno dobijamo Furijeov par
iskazan preko Ermitovih polinoma

pr
F@i1)=( i)"CaHn(1)e ' (33)
n=0
R -
f(t)= (@(i)"C Hn(t)e =2 (34)
n=0

dok su konstante Cp, i C,, vezane relaciom Cp = (i)"C,,.
Kao sto se da primijetiti, glavno ratunanje Furijeovog para primjenom Ermi-
tovih polinoma se svodi na racunanje interpolacionih konstanti Cp ili C,.

3 Simulaciona analiza

Neka je signal T (t) zbog prakti¢ne primjene ograni¢en u vremenskom intervalu, na
primjer, pravougaonim prozorom () = F(OUt+t) ult to)), gdje je funkcija
U Hevisajdova jedini¢na funkcija. Uporedimo numericke rezultate F (£f(t)) prim-
jenom Ermitovih polinoma kona¢nog reda n sa analiti¢ki dobijenim vrijenostima
F ().

Napomenimo da se za ogranic¢enje signala u vremenskom intervalu mogu ko-
ristiti i druge prozorske funkcije f(t) = f(t) (t) koje nemaju dodatne zahtjeve
u smislu odredivanja F (f(t)) primjenom Ermitovih polinoma. Ovo vazi i kod
ra¢unanja inverzne Furijeove transformacije, stim da se radi sve u frekvencijskom
domenu. Uporedni prikaz Furijeove transformacije razli¢itih karakteristi¢nih sig-
nala ra¢unatih analitickim putem i pomocé¢u Ermitovih polinoma prikazan je na
slikama 1, 21 3.
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Slika 1: (Lijevo) vremenski oblik trougaonog signala i odgovarajuca njegova in-
terpolacija Ermitovim funkcijama reda n = 20 i (Desno) frekvencijski spektar
trougaonog signala dobijen analitickim putem i pomoé¢u Ermitovih polinoma za
n = 20.

Slika 2: (Lijevo) vremenski oblik pravougaonog signala i odgovarajuca njegova
interpolacija Ermitovim funkcijama reda n = 30 i (Desno) frekvencijski spektar
pravougaonog signala dobijen analitickim putem i pomoc¢u Ermitovih polinoma
za N = 30.

197



<

BRI D VAR IR RARRE M ' S S R

05

BRI TR I Y LS A T S '

Slika 3: (Lijevo) vremenski oblik bipolarnog signala i odgovarajuca njegova in-
terpolacija Ermitovim funkcijama reda n = 30 i (Desno) frekvencijski spektar
pravougaonog signala dobijen analitickim putem i pomoc¢u Ermitovih polinoma
za N = 30.

4 Zakljucak

Rac¢unanje Furijeove transformacije i njene inverzne Furijeove transformacije (Fu-
rijeov par) koris¢enjem Ermitovih polinoma ima prakti¢ni smisao jer omogucava
direktno odredivanje Furijeovog para bez ra¢unanja integrala pri direktnoj i in-
verznoj Furijeovoj transformaciji. Dalja istrazivanja u ovoj problematici mogu
da se odnose na podjelu domena funkcije, kako u vremenskom tako i u frekvenci-
jskom domenu, u niz odgovarajué¢ih prozora na kojima ée se primijeniti linearna
interpolacija i na taj naéin smanjiti visoki red Ermitovih polinoma u cilju veée
efikasnosti racunanja Furijeovog para.
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Apstrakt

Laplasova transformacija ima §iroku primenu u razli¢itim oblastima fizike,
tehnike i nauke uopste. Uistinu, svaka pojava koja se odvija u "kontinual-
nom vremenu", a koja pri tome zadovoljava princip superpozicije mozZe se
analizirati pomoc¢u Laplasove trasnformacije. Medu dobro poznate osobine
Laplasove transformacije svakako spada i ta da se diferenciranja preslikavaju
u mnozenja stepenom funkcijom, ali i obrnuto, da se mnozenje stepenom
funkcijom preslikava u diferenciranje. Sli¢no vazi i za operaciju integral-
jenja: integracija se preslikava u deljenje stepenom funkcijom, i obrnuto. U
okviru ovog rada razmatramo opstu vezu izmedu mnozenja, odnosno del-
jenja, funkcijom proizvoljnog, pozitivnog realnog stepena i operacija frak-
cionog diferenciranja, odnosno integracije.

1 Uvod

Laplasovom transformacijom realne funkcije ¥ : [0; 1) ¥ R nazivamo kompleksnu
funkciju kompleksne promenljive S, u oznaci LT (t)g(s), definisanu nesvojstvenim
integralom Z,

LFf(t)g(s) = . f(t)e Stdt: (1)

U prethodnom izrazu, integraciju treba razumeti u Lebegovom smislu. Laplasova
transformacija funkcije je definisana za sve one vrednosti kompleksne (Laplasove)
promenljive S za koje integral (1) konvergira (apsolutno i uniformno). Dobro je
poznato da, ukoliko je funkcija T eksponencijalno ogranicena, tj. ukoliko postoje
realne konstante M > 01 takve da je jf(t)j < M e ! tada integral (1) konvergira
nad oblagéu <fsg >

Napomena 1.1. Laplasovu transformaciju je obi¢no moguée analiticki produziti
na celu kompleksnu ravan, iskljuc¢ijué¢i eventualno diskretan skup tacaka. U ovom
radu, kada god govorimo o Laplasovoj transformaciji mislimo na ovo analiticko
produzenje.
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Napomena 1.2. S obzirom da su nam od prevashodnog interesa primene Laplasove
transformacije u oblastima upravljanja i obrade signala, funkciju T ¢emo najéesce
nazivati signalom, njenu nezavisnu promenljivu t éemo interpretirati kao vreme, a
samu Laplasovu transformaciju signala naziva¢emo njegovim kompleksnim likom.

Napomena 1.3. Laplasova transformacija se moze definisati i nad prostorom
temperiranih distribucija. U tom slucaju, definiciju Laplasove transformacije
moguce je prodiriti na znatno Siru klasu signala, koja izmedu ostalog ukljucuje
Dirakov -signal i njegove izvode. Iako svi dobijeni rezultati vaze i u ovom slucaju,
u nastavku izlaganja ¢emo se ograni¢iti na "klasi¢nu" definiciju (1).

U nastavku ¢emo se baviti uopstenjem sledec¢ih dobro poznatih tvrdenja

LTI = LIF0UO) ©)
1
Lf%f(t)g(s) = F (u)du: (3)

S

koja vaze unutar oblasti apsolutne konvergencije razmatranih transformacija (za
detalje videti [2]).

Dakle, mnozZenje signala stepenim signalom u vremenskom domenu ekviva-
lentno je diferenciranju (sa negativnim predznakom) u kompleksnom domenu.
Slitno, mnoZenje signala recipro¢nim stepenim signalom preslikava se u inte-
graciju njegovog kompleksnog lika, pri ¢emu se integracija vr8i nad intervalom
(s; 1). Poznato je da se pod relativno blagim uslovima (videti [2]) gornje osobine
neposredno uopstavaju na sluc¢aj kada je diferenciranje visestruko, a integracija
ponovljena.

Posmatrac¢emo slucaj koji nastaje kada se signal u vremenskom domenu mnozi
ili deli stepenim signalom necelog reda. Posmatramo dakle Laplasove transforma-
cije signalat f(t), gde je > 0. Razumno je pretpostaviti da se u ovom sluéaju
na kompleksne likove signala moraju primeniti operacija frakcionog diferenciranja
i integracije. Pri tome, predznak u izrazu (2), te granice integracije u izrazu (3)
sugeriSu da diferenciranje i integraciju treba shvatiti u desnom smislu.

2 Diferenciranje i integracija necelog stepena

Diferenciranje i integracija necelog (frakcionog) stepena se moze definisati na veci
broj nacina. U okviru ovog rada osloniéemo se na tzv. Riman-Ljuvilovu defini-
ciju prema kojoj se frakcioni integral definise neposrednim uopstenjem Kosijeve
formule
Z tZ t Z th 1
al{'f = e f(th)dtadt, 1:::dty
a o0 7 0
1

t
= GCEEIA fO)r " ; (4)
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gde je N pozitivan, ceo broj, dok je a proizvoljna realna donja granica. Formalnom
smenom N sa , gde je pozitivan, realan broj odmah nalazimo
1
altf:ﬁ fO)t ) 'd; (5)
a
gde smo faktorijel uopstili pomocu dobro poznate Ojlerove Gama funkcije. Izraz
(5) predstalja definiciju Levog Riman-Ljuvilovog integrala reda sa donjom
granicom a.
S obzirom da je funkcija (t ) ! neintegrabilna u okolini tatke t = za
< 0, operaciju diferenciranja nije moguce definisati izrazom (5) u kome bi
se dopustile i negativne vrednosti reda . Umesto toga, izvod necelog stepena
se moze definisati pomocu klasi¢nog, celobrojnog izvoda i operacije integracije
necelog stepena, i to na sledeé¢i nacin

d n
gde je N najmanji pozitivan ceo broj koji je veéi ili jednak od ,n 1< n.

Izrazom (6) definiSe se Levi Riman-Ljuvilov izvod reda sa donjom granicom
a.

Desni operatori necelog diferenciranja i integracije definigu se na sli¢an naéin.
Neka je bt proizvoljno izabrana gornja granica integracije. Tada je Desni
Riman-Ljuvilov integral reda sa gornjom granicom b

Zy
dyf= F()C vd : (7)
t
Desni Riman-Ljuvilov izvod reda sa gornjom granicom b definiSe se izrazom
d n
Di'f=— ' f;
tp dt thy (8)

gde je, kao i ranije, N najmanji pozitivan ceo broj koji je veéi ili jednak od

Napomena 2.1. Tako su u opstem slu¢aju donja i gornja granica integracije, aib,
proizvoljni realni brojevi, mi ¢emo se ogranic¢iti na slu¢aj kada jea=01ibh = 1.
Pri tome, svi signali koje posmatramo bice kauzalni, definisani nad intervalom

[a;b) =[0; 1).

Napomena 2.2. Ukoliko se prethodno uvedeni definicioni izrazi (5), (6), (7) i
(8) shvate u distributivnom smislu, moze se pokazati da je

I|in3+ aly F=1(0);
||ir{)l+ tly T =F(t);

gde date grani¢ne vrednosti treba shvatiti u tzv slabom ili distributivnom smislu.
Drugim re¢ima, kada je red integracije priblizava nuli Riman-Ljuvilovi integratori
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se ponasaju kao operator identiteta, te preslikavaju signal u sebe samog. Na
osnovu ove ¢injenice, te na osnovu Kogijeve formule (4), neposredno sledi da su svi
Riman-Ljuvilovi integrali celobrojnog stepena jednaki odgovarajuéim klasi¢nim,
celobrojnim integralima, te da su svi Levi Riman-Ljuvilovi izvodi celobrojnog
stepena jednaki odgovarajuéim klasiénim izvodima. Desni Riman-Ljuvilovi izvodi
celobrojnog stepena jednaki su odgovarajuéim klasiénim izvodima pomnoZenim

sa (D)™
Prethodna razmatranja u potpunosti opravdavaju sledeé¢u definiciju.

Definicija 2.1 (Riman-Ljuvilovi integro-diferencijalni operatori necelog
stepena). Neka je f dati signal definisan nad intervalom [0; 1), tada je

Levi RL integral reda

8 1 Z,
< 14 . .
- f >
ol f=_ () o O ) =0 )
O =0:
Desni RL integral reda
8 1 Z,
< 14 . .
—_ () t) *d; >0;
iy = () ¢ (10)
- F(); =0:
Levi RL izvod reda
d n
oD T = at olf! f (11)
Desni RL izvod reda
d n
D, f= dt i f (12)

U svim prethodnim izrazima N je najmanji ceo broj vedi ili jednak od

Medu mnogobrojnim osobinama diferencijalnih operatora necelog reda izdva-
jamo sledecda, za nas posebno interesantna svojstva

Lema 2.1 (|1]). Laplasova transformacija levog RL integrala signala f, ukoliko
postoji, jednaka je
1
Lfol; fg = S—F(s) : (13)

(Drugim re¢ima, S se moZe interpretirti kao operator frakcione integracije reda
u kompleksnom domenu.)

Lema 2.2 ([1]). Desni Riman-Ljuvilov izvod reda  stepenog signalat !, ukoliko

postoji, jednak je
1+
Dt L= ((1))t Lo (14)
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3 Osnovni rezultat

Teorema 3.1. Neka je T dati signal i neka njegov kompleksni lik LFF(t)g(s)
postoji za svako S 2 C takvo da je <(S) > , za neko 2 R. Tada nad istim
domenom vaze sledeca tvrdenja:

1. Laplasova transformacija signalat f(t), ukoliko postoji, jednaka je desnom
Riman-Ljuvilovom frakcionom integralu reda  kompleksnog lika signala
(v,

Z 1

Lft f(t)g =1, LFF(t)g(s) = ) Fuu s) du: (15

2. Laplasova transformacija signala t f(t) jednaka je desnom Riman-Ljuvilovom
frakcionom izvodu reda  kompleksnog lika signala f(t),

Lft f(t)g =sD; LFF()g(s) = % nsli‘ Lf(t)g(s)
1 d n? 1
=( )"— — F(uu s)"  du; (16)

(n ) ds

gde je N najmanji prirodan broj vedi ili jednak redu diferenciranja, n 1<
n.

Dokaz 3.1. Dokazimo najpre tvrdenje po 1. Polazimo od krajnjeg izraza (15) u
koji ¢emo uvrstiti definicioni izraz Laplasove transformacije (1) u kome je izvrSena
formalna smena promenljive S promenljivom U,

1 YA 1 1 YA 1 YA 1

— F(u s) du=— f(te Ydt (u s) ‘du:

( ) S ( s 0
Prema uvedenim pretpostavkama, svi nesvojstveni integrali konvergiraju apso-
lutno i uniformno, stoga je moguce izvrsiti smenu redosleda integracije. Tako
dobijamo

N—r

1 Z 1 1 z 1 YA 1
— F(Wu s) du=—— f(t) (u s) ‘e Ydu dt:
( ) S ( ) 0 S
Uvodenjem smene = U S u unutrasnji integral, nalazimo da vazi
Z, Z,
(U S) 1e utqy = le (s+ )td
S 0 7 1
=e st le td
0
=e st ( )
t
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Poslednja jednakost je posledica dobro poznatog izraza za Laplasovu transforma-
ciju stepene funkcije, b
o Q)
e®d = ;
0 S
u kome je, formalno, izvr§ena smena promenljive S promenljivom t, a promenljive
promenljivom . Konac¢no je
Z 4
. F(Wu s) du= L f(t)e stQolt =
() s () o t
Time je Tvrdenje pod 1. dokazano.
Dokaz Tvrdenja 2. ¢emo izvesti oslanjajuéi se na Tvrdenje pod 1. Naime, na
osnovu prethodno dokazanog izraza vazi da je
1 g né1

z
d "7 f@)
n 1 —
™ ) ds . F(uu s9) du = s ,

Z
' @e Stdt :
n :

0

e Stdt:

Kako prema uvedenim pretpostavkama operacija diferenciranja po Laplasovoj
promenljivoj mozZe da zameni mesto sa operacijom integracije po vremenu, za-
klju¢ujemo da je

Z,

nZ 1 n
ds 0 tn ZO tn ds 7
1 f(t) 1
= —Zt"e Stdt = t f(t)e Stdt;
o t° 0

¢ime je Tvrdenje dokazano.

4 Zakljucak

U okviru rada izvrSeno je jedno uopstenje dobro poznatih osobina diferenciranja
i integracije Laplasovih likova signala. U radu je razmatran slucaj kada su op-
eracije diferenciranja i integracije necelobrojnog (frakcionog) stepena. Pokazano
je da su ove operacije ekvivalentne mnozenju polaznog signala stepenom funkcijom
odgovarajuceg stepena.

U daljim istrazivanjima bavi¢emo se primenom prikazanih rezultata u oblasti
projektovanja optimalnih regulatora sa frakcionim astatizmom.
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